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Preface

This document is currently being prepared for a second-year graduate level
PDE course offered at Michigan State University. The goal is to offer a one
semester, conceptual overview of some of the issues and techniques in the
study of dispersive equations. The intended audience for these notes are
advanced undergraduate students and beginning graduate students. The
only real assumptions made in terms of prerequisite preparation are a firm
grasp of multivariable calculus and basic real analysis. However, the firmer
the students’ background is in analysis the more benefit they can derive
from these notes. So while not strictly necessary, some familiarity with
Fourier theory, measure theory, and Hilbert space theory (as, for example,
expounded in volumes one and three of the textbooks by Eli Stein and Rami
Shakarchi) will be immensely helpful. Indeed, seeing as the mainstay of
the classical techniques for analyzing linear dispersive equations is that of
oscillatory integrals, large portions of these notes can be aptly subtitled
“applications of Fourier analysis”. In terms of scope, this document is truly
at the level of an introduction. In the presentation explicit computations are
preferred over far-reaching general theorems. And while some nonlinear
theory and applications will be introduced, the selected material represents
only one corner of the recent developments in the field. The hope is that
some of the discussions in these notes will pique the interests of students,
and lead them to further study in this direction.

The subject of these notes are dispersive equations. A first question one
may ask is: “What is dispersion?” The dictionary definition says that to
disperse is to spread out over a wide area. In physics, and, by extension, in
the study of partial differential equations, dispersion refers to the specific
phenomenon that a collection of “particles” travelling at different speeds
will tend to spread out. The word “particles” in the previous sentence
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Of course, this description is
still anachronistic. Newton’s
original theory of optics, with
which he gave an explanation
of refraction (the mechanism
behind the splitting of white
light by triangular prisms), is
corpuscular. While Huygens
had advocated, around the
same time, his wave theory, the
nature of light as waves was not
fully appreciated until Young’s
interference experiments a
century later.

Fresnel surface: also called the
wave surface, it is the
hypersurface in the space-time
frequency space defined by the
dispersion relation of the
physical model.

was left in quotes because the origins of this terminology lie in the study
of optics from the 18th and 19th century (to refer to, for example, the
emittance of a rainbow of colors when white light shines through a prism),
and so from the very get-go the phenomenon was understood with “wave
packets” playing the role of “particles”. With the great hindsight available
to us from quantum theory, however, we will begin these notes by tackling
the problem of the dynamics of collections of particles, and later on moving
toward the equations governing continuous fields. The initial focus on the
particle picture is not accidental: the modern development of the study of
dispersive equations relies a lot on analyses performed on “phase space”.
The particle picture where the phase space is commutative forms a good
starting point before tackling the “quantum” theory where the phase space
is not commutative (Heisenberg’s uncertainty principle). With in mind
these connections both physical and mathematical, the beginning chapter
of this notes makes some short detours into the realms of basic theoretical
physics, and throughout appeals will be made toward “physical intuition”
whenever available.

The second and third chapters develop the main Fourier analytic tools
used for the classical study of dispersive equations. The importance of
Fourier analysis can be seen through the quantization process moving
from classical to quantum mechanics; and from this point of view the
properties of solutions to dispersive equations is tied to the geometry of the
corresponding Fresnel surface. As is well-known the principle curvatures
of this surface play important roles in determining both the long-time
decay behavior of solutions, as well as their short-time integrability. These
are usually studied through oscillatory integral techniques which will
be described in chapter 3 of these notes. Some of the dispersive decay
estimates can also be recovered through purely physical space arguments
based on considering the inherent symmetries of the partial differential
equations. We develop these “vector field” type methods in chapter 5. The
application of this method to the wave and Klein-Gordon equations are
fairly well known and originates in the works of Sergiu Klainerman in the
1980s. The subsequent development to other models are more recent, with
contributions by David Fajman, Jérémie Joudioux, Jacques Smulevici, and
(separately) the author all in the mid 2010s.

One of the main results in the study of linear dispersive equations is that
of Strichartz estimates. These estimates can be regarded as dual estimates
to the Fourier restriction estimates and manifests in the control of space-
time integrals of the solutions based on their initial data. Modern proofs of
Strichartz estimates use the TT* method and a healthy dose of interpolation
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theory. The relevant material are developed in chapter 4.
In chapter 6, the material developed thus far are applied to solve some
basic problems in local and global wellposedness of the initial value prob-
lems for nonlinear dispersive equations. The results here are far from the
cutting edge, and are presented mainly as a tool to introduce the notion of
wellposedness and expose the students to some of the basic results in the
field. Students interested in further study of nonlinear dispersive equations
should consult the lecture notes of Terence Tao for development up to the Tao, Nonlinear dispersive
early 2000s. The Oberwolfach Seminars of Herbert Koch, Daniel Tataru, equations: local and global
and Monica Visan contain some further results through 2012. More recent analysis
results are typically only found in the original research articles. Koch et al., Dispersive
If you have any suggestions for improvements, questions on the material, Equations and Nonlinear
or general comments, please feel free to e-mail me at wongwwy@member . ams. Waves
org. I would also love to hear from you if you've found these notes useful
in anyway, whether for your own studies, for research, or for teaching.

Design philosophy and TgXnical details

The present document is prepared and typeset using IXTEX 2. The docu-
ment class used is a custom class called wwwnotes3 built over the standard
report class; you can find the source code at the Git repository https:
//gitlab.msu.edu/wongwil2/www-textools. The font used is from the
Johannes Kepler project, accessible as the package kpfonts on CTAN.

The layout of the pages is heavily inspired by the works of Edward
Tufte. In particular are the use of a wide margin and side notes instead of
footnotes, the limit to two levels of topic headings (Chapter and Section
in this document), and the citable “thought units” (in this document para-
graphs delimited by a number at the start and the symbol | at the end).
The following paragraphs contain some tips on how to effectively use this
document.

0.1 (Cross referencing) Every item that can be cross-referenced (such as

this one) is labelled chapter#.item#. The item number increases mono-

tonically throughout the chapter. At the top of every page you can find,

similar to what appears in dictionaries, a numeric range; this is designed

to help you locate antecedents of references. The notation “(Prev. ref. #)” Yes, I know this is slightly

indicates that there are no new items defined on the current page, and the bobjtﬁg;gby “otntfe ::::f";;";i’ some

# shows the most recently defined item number. most,}; works as indicated.
The items that can be cross-referenced are: equations, theorem-like

assertions, conjecture-like queries, and thoughts (such as this one). Occa-
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sionally the references are found together with a note reminding you what

Ref. 0.1: “Concerning cross  the antecedent is. For example, Thought o.1 refers to this very item. And
references”  in the margin you will see a short description of the reference.

The items that can be cross-referenced all have fixed scope; that is, they

have a beginning and an ending. The equations are easy to identify. For

the other three types, they all begin with the item number and end with a

“Assertions” refer to definite. “mark’. For “assertions” the mark is ‘@’. For “queries” the mark is ‘¢’. And

statements such as Theorems or  fy “thoughts” the mark is “I". Since this is a mathematical text, there are

Definitions which may or may « » (e
10t be justified. “queries” refer also “proofs”, whose ends are denoted by ‘0. 1

to tentative statements such as . . . .
. “ . 0.2 (Margin notes) This document makes extensive use of margin notes.
Conjectures, and “thoughts

refer to a block of text, ~Lhe guiding principle of margin notes is that they provide helpful, but
potentially consisting of several ~ optional annotation to the running text. In particular, their removal should
paragraphs, following a  not be detrimental to the understanding of the text proper. Therefore,
coherent idea. 4 o re will not be any footnote in the traditional sense (where the flow of

reading is interrupted by the appearance of a superscript, with the reader

compelled to certain distraction by tangential remarks); if something is

important enough to grab the attention of the reader, it should appear in

the text proper. Marginalia will largely comprise historical and tangential

remarks, as well as suggestions for further reading. (In addition to the

Ref. 0.1: “Concerning cross  ajde to deciphering cross references described in Thought o.1.) The reader
references”  should feel free to ignore them all. Additionally, the author hopes that

active readers of mathematical treatises may find beneficial the ample

margins. 1

0.3 (Citations) Since these are lecture notes, in-line citations will not be
given. Suggestions for further reading, as well as discussion of the history
of progression of a particular result, can all be found in the margin notes
insofar as they appear. The list of further readings are also collected at the
end of this document. 1
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Chapter 1

Dispersion: A First Look

Dispersion is most easily understood in terms of collections of particles.
In this chapter we will start from this point of view and derive some
basic consequences thereof. We will then switch gears and discuss linear
dispersive equations, especially the physical intuitions for the phenomena
exhibited by wave-like theories of continuous fields. We will introduce our
main examples in this chapter, while leaving their analysis to subsequent
ones.

The story of N particles

Consider N particles moving on R?; for simplicity we will assume that the
particles don’t interact with each other. Then each particle is described
by its position x; : R — R? (with i € {1,...,N}) as a function of time. By
Newton’s first law the particles travel on straight lines, so we can write

x;(t) = x;(0) + v;t (1.1)

where v; is the (constant-in-time) velocity of the ith particle. We have very
simple upper and lower bounds for the distances. Using that

def

dij(t) = x;(t) = xj(t) = [x;(0) = x;(0)] + (v; —v))t,
we can bound

t- |‘U,‘ —1/]'| - }d,](())‘ < )d,](t)| <t ‘7/1' —‘l/]'| + |d1](0)) (1.2)

13



Refs. 1.3-1.4 An Introduction to Dispersive Equations

In particular, for generic velocities, the distance between any pair of parti-
cles is approximately a linear function of time.

The equation (1.2) captures the fundamental idea of behind dispersion.
From it we can derive some immediate consequences.

1.3 Exercise
What are the limits

. max;,|d;;(t)] . mingj|d ;(t)]
lim —————, lim —————
t—+oo t t—+o0
in terms of the velocities {v;}? [

1.4 Exercise
Consider the function

p(R,t) = sup #{i e{L,...N}|xi() -yl < R},
yeRd

which can be described as the maximum number density at scale R and
time ¢.

1. Show that, as long as N > 0, for any R > 0 and t € R it holds that
p(R,t) > 1.

2. Show that, for generic initial data, for any R € (0,00) the density
converges to 1 as t — +oo. More precisely, show that whenever R, ¢

satisfies
maxi,j|xi(0) - xj(0)| +2R
It >

mini¢j(vi —‘V]'|
we have p(R,t) = 1. [

The estimate in the second part of the previous exercise can be refined.
First, given t;,t, € Rand ,Q, C R4, we can let

X(t,Qq,tr,Qy) = {i €{L,....,N} | xi(t;) € Q; and x;(t,) € Qz}

be the set of particles that traverses from (2 at time #; to (2, at time t,. Then
clearly i € X requires v; € ﬁ(ﬂz —Q);) (with element-wise subtraction).
Now fix t; = 0 and Q) any set that contains in the initial {x;(0)}. Running
), over all balls of radius R at some late time t,, we see that the density
of the distribution of particles can be directly controlled by the velocity
density of the initial distribution. This naturally leads us to the formulation

in terms of kinetic theory.
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Lecture Notes given at Michigan State University Refs. 1.5-1.8

Kinetic theory

Kinetic theory is an intermediate description of molecular motion between
the Newtonian particle picture and the continuum fluidic approximation.
In kinetic theory, instead of considering individual particles, we consider
the distribution of particles in phase space and its associated evolution.
Supposing the physical space has dimension d, Newton’s laws of motion tell
us that the trajectories of particles are determined by their instantaneous
position and velocity (being a second order differential equation). So we
can take as our phase space for the particles RY x R?. A distribution of
particles, then, is a function

p:RxRYxR! SR, (1.5)

representing the density (over phase space) of the particles at a particular
position x with a particular velocity v at time ¢. It takes non-negative values
as we don’t allow negative number of particles.

The study of kinetic theory proper captures the Newtonian interaction
of particles by collision by some multilinear integral operator acting on p.
We, however, will again take the (unphysical) simplifying assumption that
individual particles don’t interact. This reduces the equation of motion to
Newton’s first law:

See the vast literature on the
Boltzmann and Landau
equations.

atp(t,x,v)+v-V(x)p(t,x,v) =0. (1.6)

The symbol V¥ is the gradient with respect to the spatial coordinates x; that
V¥ p is a R? valued function whose ith component is %p. The equation
(1.6) is in conservative form, and states simply that along the straight-line
trajectories x + vt, the particle density is constant (if a particle starts at
position x and moves with velocity v, then it will remain always on the line
x +vt). This equation is sometimes called the Vlasov equation or simply the
linear transport equation.
The particle interpretation allows us to write down explicitly the solu-
tion to this first order scalar partial differential equation. Since the density . . . .
R . is is in fact nothing more
remains constant on the line x + vt, we have that than the “method of
characteristics”.

p(t,x,v) = p(0,x—tv,v). (1.7)

The explicit solution (1.7) allows us to write down our first “dispersive
estimate”. First, thinking back to the N-particle picture, what we are

15 v:c81ba6g; last edit: Willie WY Wong on 2019-01-10 09:56:59 -0500.
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interested in is the physical space density given by

p(t,x) = | p(t,x,v) dv (1.8)
)

where we summed up all the particles (with different velocities) located
at the point x. From the N-particle picture, we expect this physical space
density to decay.

1.9 Remark

The fact that we have integrated in v is important here. The Vlasov equation
(1.6) acts by linear transport, and one can easily check that for any p € [1, 0],
the norm n,p(t, o .)”LP(IRdled) is constant in time. What we assert in the

previous paragraph, however, is that the norm [[p(¢, e)|| (g« for p > 1 decays
as a function of time. [ ]

1.10 THEOREM (DISPERSIVE ESTIMATE FOR VLASOV EQUATION, VERSION 1)
See the next chapter fora  Let pg € F(R?*?). The solution to (1.6) with initial data p(0,x,v) = po(x,v)
discussion of Schwartz space.  satisfies
supﬁ(t,x)s(t)_d. (1.11)
xelR4 [}

1.12 CONVENTION (< AND THE JAPANESE BRACKET)

In the statement of Theorem 1.10, several notational conventions were
introduced. We will throughout adopt the convention, which is by now
standard in the literature, that

ALB

means
JCeR, st. A<CB.

So the statement in the previous theorem should be read as

... with initial data p(0,x,v) = py(x, v) satisfies, for some C > 0,
the estimate sup, g p(t, x) < Cc(ry™.

The question of “on what does the constant C depend” is generally clear
from context. For example, in Theorem 1.10 it is understood that the
constant C may depend on py, but not on t. Sometimes it pays to emphasize
the dependence, in which case the notation <g r ¢ will be used where E, F,
and G (for example) are quantities which influence the value of C.
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Another notation introduced is the Japanese bracket, which is defined as
() E V1 +12 (1.13)

for any real-valued t. ]

Proor (THEOREM 1.10) Using (1.7) we can write

Jp(t,x,v) dv = Jpo(x— tv,v) dv
R4 R4

Doing a change of variable with w = (t)v we have that

1
R0 J polr= gy ) dv

The integral is now over the plane

{(x <t>w,<17>w)€IRZd weIRd}

with the induced surface measure. So, writing IT for the set of all d dimen-
sional affine subspaces of R??, we have

J‘p(t,x,v) dv < supfpo do (t)‘d,

Pell
R4 P

—_—
C

with the constant C clearly independent of t and x. So the estimate is
proved.
Note that the norm

po F> sup j po do
Pell

. C . . . . . For more on Sobolev spaces and
is ‘Fhe L' trace norm for restricting a function on R*? to its d dimensional embedding theorems,Z
affine subspaces. By Gagliardo’s Sobolev trace theorem, this means that the  standard reference is Adams

constant C can also be bounded by the W%!(IR??) norm of the initial data.c;  and Fournier, Sobolev spaces.
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1.14 Exercise

In the proof of Theorem 1.10, we see that the constant C can be determined
by the W%! norm of the initial data. (For completeness, let us recall the
definition

”(P”Wk'l(IRdXIRd) (i:ef Z

lal+|B| <k gayRd

9;’85¢(x,v)| dv dx

where a, f are d-dimensional multi-indices.) Show that this estimate is
sharp. More precisely, show that if k < d is a non-negative integer, then

there exists a sequence of initial data {Pg)}jelN such that

, < 1forevery j;

()
‘po Hwk'
+ writing pl/) for the corresponding solutions to (1.6), there exists some
€ > 0 fixed such that for every t, there exists some j € IN satisfying

supxﬁ(j)(t,x) >e.

Hint: Think back at the particle picture. What would p be for a point
particle? [

1.15 (Some characteristics of dispersive estimates) As we have seen in
the preceding discussion, our dispersive estimates controls the decay in
time of the L® norm (for the present discussion, ignore the v variable) by
the initial data measured with d derivatives in the L! norm. This exhibits
two characteristics that are common-place for dispersive estimates: first is
that L™ decay is controlled by measuring the data in L', and the second is
that there is a definite loss of smoothness (see previous exercise). Both of
these have physical explanations.

That the point-wise decay in time is controlled by some integral norm of
the initial data arises from the intuition that dispersion occurs because the
physical extent of the particles spreads out while the total mass is conserved.
With the same mass divided among a greater volume, the spatial density
(which is what Ip dv measures) must decay. But for this argument to be
sensible, the total mass had better be finite: otherwise the particles leaving
a spatial domain can be replenished by particles arriving from arbitrarily
far away. This would be the case, for example, for a solution of the Vlasov
equation that is spatially homogeneous.

The same idea of “conserved mass divided among ever-growing volume”
also serves to explain the dependence on smoothness. For the intuition
to hold, that the pointwise density decays, we need that the conserved

© Willie Wai-Yeung Wong 18
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mass is approximately evenly distributed among the available volume.
If not, one can easily imagine a lopsided distribution where almost all
the mass concentrate at one point and decay is not evident. Smoothness
of the distribution clearly provides a measure of equidistribution of the
mass density. Another way to see this is to recall our discussion in the
N particle picture, where we have seen that the rate of spreading out of
the particles is proportional to how disparate the particle velocities are.
(In fact, the worst case scenario for our dispersive estimate is precisely
the particle picture, where all the mass concentrate at discrete points!)
For two phase-space distributions, the one that is more concentrated and
particle-like will tend to be rougher. And so, as seen in the previous
exercise, the loss of smoothness in the estimates are necessary, and reflect
our need to distinguish between particle-like initial distributions, and those
distributions that are more like a fluid. 1

1.16 (Methods of proof) The proof we have given above for Theorem 1.10
is based on the fundamental solution (1.7) to the linear Vlasov equation
(1.6). This method of proof is relatively direct, and can be easily adapted
to deal with semilinear type problems (imagine (1.6) but with the right
hand side, instead of being zero, being some nonlinear function of p) using
Duhamel’s principle. On the other hand, this method is not-so-stable when
the equations are perturbed in a way that changes the principal part (i.e. the
part with the highest order derivatives) of the equation. In the remainder of
this section we develop an alternative dispersive estimate using the vector
field method. This method was originally developed in the context of wave
equations and has been shown to be more stable for applications in both
linear and nonlinear applications where the principal part of the equation
differs from the standard linear expressions. The main idea is a careful
exploitation of conservation laws to obtain weighted integral estimates. 1

1.17 (Conservation laws) Since the Vlasov equation (1.6) is in divergence

form (by definition V¥) commutes with multiplication by v), we have that
for every fixed v the integral

fp(t, x,v) dx = Jp(O,x,v) dx

R4 R4

is conserved, provided that it makes sense at t = 0. This then implies, in
fact, a conservation law for every velocity multiplier: let ¢ : R? — R be any
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measurable function, then

E[gl()= f p(t,x,v)g(v) dx dv

R2d

is constant in time. Recalling that p represents the particle density, so the
quantity E[1] is the conserved total mass. Next, let e € R? be any unit vector,
and let g(v) = e-v. The quantity E[g] represents the conserved total linear
momentum in the direction e. If we let g(v) = 1v - v, then E[g] analogously
gives the conserved total energy.

Another way to interpret the conservation laws above is to regard them
as the statement that the functions g = ¢g(v) commutes with the differential
operator d; + v - V™, In fact, for any differential operator K that commutes
with d; +v- V¥, we can define E[K] its associated conserved quantity using
the same argument as before.

1.18 Exercise (More conservation laws) o o
1. Fori,je{l,...,d}, i # ], set K=x"v/ —xJv'. Verify that the multiplier
K generates a conservation law. What is its physical meaning?

2. Forie{l,---,d}, set K =vit—x'.

(a) Verify that K generates a conservation law.

(b) The conservation law generated by K can be re-written in the

form
os f p(t,x,v)xi dx dv =0, f p(t,x,v)vit dx dv.
R24 R24
Give a physical interpretation of this formula. [ ]

1.19 (Even more conservation laws) The view of conservation laws as aris-
ing from operators commuting with the evolution equation is in fact that
of Noether’s theorem in Hamiltonian mechanics. The Lagrangian counter-
part of Noether’s theorem ties these conservation laws to symmetries of
the equations. So we are lead to considering the natural symmetry of the
Vlasov equation (1.6), namely that of the Galilean symmetry. If p(t,x,v) is
a solution, then so are

* Space-time translations: for any 7 € R and & € R, pt+t,x+&v).
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* Rotational symmetry: for any orthogonal matrix O, p(t, Ox, Ov).
¢ Galilean boost: for any w € RY, p(t,x—tw,v—-w).

* Spatial scaling: for any A € R, p(¢t, Ax, Av).

+ Temporal scaling: for any A € R, p(A7!t,x, Av).

Note, in particular, that these symmetries are continually parameterized:
the space-time translation by (7, &) € R x R?, the rotations by O € SO(d, R),
boosts by w € R?, and scalings by A € R,; furthermore, the symmetry
operations acts by the identity when, in the translation case (7,&) = (0,0),
in the rotation case O =1d, in the boost case w = 0, and in the scaling cases
A =1. Now, let p be a solution, and let [ be a one parameter family of
solutions, obtained, for each y, from the action of the above symmetries.
Assume that this family is “differentiable in y”. Then by the linearity of
(1.6) the derivative %PU:O is also a solution of the Vlasov equations.

What are the various %p? It turns out the possible ones correspond-

ing to the classes of the symmetries above can all be obtained as linear
combinations of the following linear operators on p:

 Corresponding to space-time translations: d;p and d,ip.

+ Corresponding to rotations: (x'd,; —x/d,i +v'd,; —v/d,i)p.
* Corresponding to boosts: td,ip + d.,ip.

+ Corresponding to spatial scaling: x-V®p +v-V¥)p.

+ Corresponding to temporal scaling: —td;p +v-V¥)p.

In particular, all of these operators can be written as acting on p by some
vector field K.

Now, if one were to compute the conserved quantities associated to most
of the symmetries described in the previous paragraph, one would find that
the integral E[K] evaluates to identically zero. Part of the problem is that
while p is by definition non-negative, Kp, for some arbitrary differential
operator K, is generally unsigned. And in fact in our situation we have
often perfect cancellations. This can however by remedied by the following
observation: our linear equation (1.6) really says that the directional deriva-
tive of p, as a function on R2+1 in the direction of a certain fixed vector
field d; + v - V™ is zero. So in particular, if p solves the Vlasov equation
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Without using the words, what
is really going on is that the
continuous family of
symmetries above are actually
via actions by Lie groups. The
discussion here is getting at the
concept of infinitesimal
generators of symmetries, i.e.
elements of the corresponding
Lie algebra.

This proof is an adaptation of
the argument from Smulevici,
“Small data solutions of the
Vlasov-Poisson system and the
vector field method”.

© Willie Wai-Yeung Wong

(without necessarily satisfying the constraint that p > 0 everywhere), and
if f : R — R is any function, then f(p) solves (1.6) also, in the sense that
the particular directional derivative of f(p) exists and is equal to zero, even
when f is not necessarily differentiable.

In the case where f is differentiable, this conclusion is simply drawn
from the chain rule

(s +v-YIf(p) = f'(p)0; +v-V)p.

1.21 THEOREM (DISPERSIVE ESTIMATE FOR VLASOV EQUATION, VERSION 2)
Let pg € F(R?%). The solution to the Vlasov equation (1.6) with initial data
p(0,x,v) = po(x,v) satisfies

(1.20)

sup Pt x) < 1117 lool| 1y

lgyigr = Y [[i5 v as

lal=k R2d |

where the norm

1.22 Remark

Compare the conclusion of this theorem to that of Theorem 1.10, we see
that in this case if we sacrifice the estimate on short time behavior (namely,
when t = 0; this is the difference between |t| and (t)), we can sharpen the
constant so that instead of using derivatives over the full phase-space IR?,
we only need derivatives in the velocity (v) variables. This makes precise
the idea which was mentioned before, that the dispersion depends on the
regularity of the velocity distribution of the initial data. [

Proor (THEOREM 1.21) Observe that we can translate between pointwise
and integral estimates by integration. More precisely, for x € R?, let R,
denote the rectangle

R, d:ef{y eR? | yi <x' Vie {1,...,d}}.
Then by fundamental theorem of calculus we have
p(trx) = j axl 8x2 o 3;&5(’—‘:?) dy
Ry

JJ-axl dy2---duap(t,y,v)dvdy. (1.23)

Ry R4

22



Lecture Notes given at Michigan State University Refs. 1.24-1.25

Next, observe that by rapid decay we have

J&,,fp(t,x,v) dv=0
R4

foranyie{l,...,d}. So we can rewrite (1.23) using the Galilean boosts:

plt,x)= t‘dJJGl < Gup(t,y,v) dv dy. (1.24)
Ry R4

where G; = td,i + d,i. From here we estimate

plt,x) < |t|_d ﬂ-(Gl ---de(t,y,v)| dv dy.

R2d

From our discussion above, we observe that |G1 - Gyp(ty, v)| solves Vlasov’s
equation, and so the L! conservation of mass holds. Which means

ot <1t [[[61--Gapto.p )] dv dy.
]RZd

Now, when ¢ = 0, the vector field G; simplifies to d,i, and so we have, finally,

plt,x) <[t H|ayl - 0yap(t,9,v)] dv dy < [H7|po]| 1 a0
R24

as desired. O

1.25 Exercise

As discussed in Remark 1.22, the estimate proved in Theorem 1.21 degen-
erates as |f| — 0. Prove, using a modification of the arguments immediately
above, that .

j;lﬂgp(tIX)S<t> ||p0||wd,1(]Rd><]Rd)'

(Hint: we want to make use of a conservation law, so we want to do this
by applying a set of d vector fields. The final result tells you that, at the
initial data level, these vector fields involve differentiations also in the x
coordinates.) [ |
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The quantum phase space

When one sees “dispersive partial differential equations” in the literature,
generally one refers not to the (semi-)classical equations of kinetic theory
described in the previous section, but to the partial differential equations
There is a vast literature on ~ governing their quantum mechanical counterparts. In the quantum me-
formalizing “quantization”, the  chanical picture, the position distribution representing the particles cannot
mathematical process of ‘e . . C .
) ; be specified independently from the momentum (velocity) distribution,
starting from a classical . . o
mechanical system (described ~ thanks to the celebrated Heisenberg Uncertainty Principle.

by, for example, a symplectic 4 , 6 (A crash course in quantum mechanics) The fundamental idea here
manifold) and forming a

quantum mechanical system. 15 that of the de Broglie hypothesis. In his 1924 PhD dissertation, de Broglie
Our discussion here is much ~ proposed the idea of wave-particle duality. Earlier works of Planck and
more rudimentary; see the first  Einstein have postulated that electromagnetic waves can be considered

part of Cohen-Tannoudji et al., : : _ _ : :
Quantum Mechanics (among 25 particles with energy E = hiw and momentum p = hk, with @ being the
many other standard textbooks) ~teémporal angular frequency and k being the wave vector (a monochromatic
for more details. plane wave with frequency w and wave vector k is described by the am-
plitude function ¢(t,x) = exp(iwt + ik - x); observe that E/p = w/k is the
wave velocity as expected). De Broglie took the idea one step further and
proposed that all particles can be considered as waves, with frequency and
wave vector obtained from what is now known as the de Broglie relations

(which is really just rewriting the Planck-Einstein equations),

E _P
o e
where E is the kinetic energy and p the momentum (which is proportional
to particle velocity by its mass) of the particle.

Now, a pure particle of energy E and momentum p is then associated to
the monochromatic plane wave

w =

¢(t,x) = exp(iwt + ik - x)

where w, k satisfy the de Broglie relations given above. Notice that for
monochromatic plane waves

k = —id(t, x)VF (¢, x)

where ¢ denotes complex conjugation, we see the idea that, in quantum
mechanics, the spatial gradient is (up to a scaling constant) the “momentum
operator”. (Similarly, the time derivative is the “energy operator”.)
Assuming a linear physical theory, waves obey the superposition prin-
ciple. So at any space-time position we should expect the field strength ¢
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for our particles to be the sum of the corresponding monochromatic plane
waves of a bunch of different particles with different energies and momenta.
That is to say, we expect that the “amplitude” of our “matter wave” to be in
fact

P(t,x) = J P(w, k) expliwt +ik - x) dw dk. (1.27)
RxIRY

The amplitude here should be compared with the spatial density p(t,x) =
fmd p(t,x,v) dv in the kinetic theory picture: it is the sum of all particles of
different energy-momentum (velocity in the Vlasov case) that impinge on a
space-time point.

Equation (1.27) should remind us of the (inverse) Fourier transform,
where w and t are conjugate variables, and also k and x. Whereas a classical
matter distribution is a function over the classical phase space R? x R?,
a quantum matter distribution is interpreted as either a physical space(-
time) distribution ¢(t, x), or alternatively a conjugate space(-time) distribu-
tion a(a),k). In the classical case specifying either or both of the physical
space or velocity space traces (in other words specifying IIRd p(t,x,v) dv

or JIRd p(t,x,v) dx) is not enough to constraint the distribution itself; in

the quantum case specify either ¢ or ¢ gives the other by the Fourier
transform. 1

1.28 (Equations of motion) In this picture, the equations of motion are
captured in the relation between energy and momentum; in other words,
between w and k. Here we give some examples.

1. Schrodinger’s equation. For classical Newtonian physics, the kinetic
energy is proportional to the square of the momentum. This leads
us to postulate w = |k|* as the relation. This in turn means that the
corresponding monochromatic plane waves exp(iwt + ik - x) solve the
equation

idip-n¢p =0, (1.29)

where the Laplace operator is A = Zil chixi' This equation can also
be “derived” from the Vlasov equation (1.6) by replacing, in the term
v- VW, the velocity v by the momentum operator iV™.

2. Airy equation. Let P be any polynomial of d variables k', ..., k% with
real coefficients; more precisely let
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where a ranges over multi-indices, A, are real numbers, and for
a = (ay,as,...,a,) the monomial

k® = (kl)al (kZ)az -”(kd)ad.

The postulate w = P(k) leads to the corresponding plane waves being
solutions to the equation

19, + P(iVV)p = id, ¢ + Z Agd®p =0.

la|<N

In the case where d = 1 and P(k) = k3, this is known as the Airy
equation, or the linear Korteweg-de Vries equation

at(i)_a)?;xx(b =0. (1'30)

. Relativistic dynamics. For the special-relativistic dynamics of parti-

cles, the relation between energy and momentum are such that the
difference between the square of the energy and the square of the
momentum is a constant depending on the rest mass of the parti-
cle. Therefore for massive particles we can postulate the relation
w? —|k|* =1 and for massless particles the relation w? — k|> = 0. The
former leads to the Klein-Gordon equation:

% —np+p=0; (1.31)
the latter leads to the linear wave equation:

4p—np =0. (1.32)

Equations (1.29), (1.30), (1.31) and (1.32) are the fundamental examples
that we will discuss in this set of notes. Their solutions, going back to the
description above, can be identified as the (inverse) Fourier transform (1.27)
of distributions supported on the set {w = |k|2}, {w=k3}, {0? - |k|2 =1}, and
{w? = |k|?} respectively. Note that these sets are smooth hypersurfaces,
except for the isolated singularity at the origin of the last example. In
fact, in the first three examples, the sets are graphs over the hyperplane

{(0,k)

€ Rx RY}. In view of this, we will frequently decouple the time

parameter t from the spatial position, and treat our field ¢ as a time-
dependent distribution that has either a physical space representation
¢(t,x) or a momentum space representation ¢(t, k). 1

© Willie Wai-Yeung Wong
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The connection of the quantum phase-space with the Fourier trans-

form is both a blessing and a curse. On the plus side, that Heisenberg’s

Uncertainty Principle implies that the physical and momentum space rep-

resentations can not be both concentrated near a point implies that there

are some limits to how much the “particle” picture can place obstructions

on the decay. Returning to Exercise 1.4, we see that in the N particle

case, we have an obstruction to the decay of the number density at scale R.

Since particles are indivisible, when there are at least one particle, we have

p(R,t) = 1 always. In the case of Vlasov equation, on the other hand, the

spatial density p(t, x) decays provided the initial distribution is smooth enough;

and as we saw in Exercise 1.14, the “particle-like” situations provide gen-

uine obstructions to dispersive decay. In the quantum set-up, by removing

the pure particle situation from consideration, we expect that this obstruc-

tion to be ameliorated. On the minus side, in the classical Vlasov situation,

the position and momentum are independent; but in the quantum picture,

the they are two-sides of the same coin. So while in the discussion above for

kinetic theory we can act on the velocity coordinate (see, for example, the

arguments in Thought 1.17) with zero effect on the spatial coordinate and

vice versa, for quantum systems the fact that the position and momentum

operators do not commute will introduce additional complications and  Incidentally this is another way

artifacts into our computations. These ideas will be explored in more detail ~¢f stating Heisenberg’s

in the following chapters. Uncertainty Principle.
To give an illustration of the effects of quantization, where we identify

the velocity variable v with iV® let us return to the discussion of conser-

vation laws given in Thought 1.17, Exercise 1.18, and Thought 1.19. For

the classical Vlasov equation we’ve seen that the quantity

J p(t,x,v)v-vdxdv

R24
is conserved in time, and we associated this to the conservation of kinetic
energy. On the other hand, we also saw that if p solves the Vlasov equation,

so does V¥ . V() due to the spatial translation symmetry (applied twice).
This implies that

J V. v®p(t,x,v) dx dv

R24

(which evaluates to zero) is a conserved quantity. In the quantum situation
of the Schrodinger equation, these two conservation laws should be “iden-
tified” by our discussion above. Similarly, we have that the multiplier e-v
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corresponding to linear momentum can be identified with the differential
operator e- V™ that is a symmetry of the Vlasov equation, and that the two
multipliers given in Exercise 1.18 can be identified with the differential
operators for rotations and Galilean boosts respectively. We will return
to conservation laws and commuting vector fields for the Schrodinger
equation in a later chapter.
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Chapter 2

Fourier Theory: the Basics

At the end of the previous chapter we described briefly the quantum phase
space, where if we accept the de Broglie hypothesis of wave-particle du-
ality, then the principle of superposition leads us directly to (1.27) which
relates the physical space distribution of the particle density to the mo-
mentum space distribution of the particles. The relation is reminiscent
of the Fourier transform. Therefore it shouldn’t come as a surprise that
much of the modern understanding of dispersive equations are built upon
the foundation of Fourier theory. In this chapter we will review the more
pertinent of its basic aspects. Many results will be stated without proof.
For more background, the first chapter of Stein and Weiss, Introduction
to Fourier analysis on Euclidean spaces is a good reference, as is Stein and
Shakarchi, Fourier analysis.

Techniques based on Fourier theory that are more specific to the analysis
of dispersive equations will be presented in the course of the following
chapters with full details. Readers familiar with the basics of the Fourier
transform can skip or skim this chapter.

The Fourier transform

Let ¢ : RY — C. The basics of our discussion is the formula

[SEW

PO E TPl E — fﬁb(x)e“"‘dx. (2.1)
(2m)2 )
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We interpret & as an operator sending functions on R? to functions on IR,
whenever the above expression is well-defined. The linearity of integration in
particular implies that & is a linear operator. Noting that |exp(—i& - x)| =1,
we have that a sufficient condition for ¥ [¢] to be well-defined is that
¢ € L'(RY); that is, ¢ is absolutely integrable. In this case, we have the
estimate

|7 191E)] <

[SIEW

1 | g L
(270) H}[M)(x)e | x__(zn)%”(PHLl(]Rd)

and so we conclude that & : L!(RY) — L®(IR%) is a bounded linear operator.

In fact, we have more than just boundedness.

2.2 ProposiTION (UNIFORM CONTINUITY)
If ¢ € L' (R?), then ¢ is uniformly continuous. n

2.3 Exercise
Prove the above proposition following the outline below:

1. First prove that

lim j |¢>| dx=0.

R—
|x|>R

2. Show that for every R, e > 0, there exists 6 > 0 such that whenever
|x| <Rand |& - &' <9,

—i&. —_i&’.
'e X _e7te x|<€.

3. Prove uniform continuity, by splitting the integral
Jcp(x) [e*ié'x - e*’f,'x] dx
R4

into an integral over a compact region and an integral near infinity. m

2.4 Remark (Normalizations of the Fourier transform)
In the literature, the Fourier transform is defined usually as one of the
following three operations.

Jle ¢(x)e” ¥ dx
F(P)E) =3 Gy g P07 dx
Ja Dlx)e27Ex dx
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The choice of convention is largely cosmetic. The first or second are often
preferred by specialists in partial differential equations as in those cases
the momentum operator is iV instead of 27tiV™*). The second and (more
frequently) the third are often preferred by harmonic analysts and func-
tional analysts as in those definitions the Fourier transform extends to a
unitary mapping of L?>(IR?) to itself. The purpose of this remark is just to
warn the readers that, when comparing formulae from different sources,
make sure to double check the normalization of the Fourier transform, as
several conventions are in use in the literature. ]

The following two Propositions can be proved by direction computation
and we omit their proofs here.

2.5 PROPOSITION (BASIC PROPERTIES 1: CONJUGATION, REFLECTION )
Let ¢ € L'(R?). Denote by R : L' (R?) — L!(IR?) the mapping ¢(x) > ¢(—x).
Then

FRP]=RF[¢] (2.6a)
F1$]=RT (9] (2.6b)
|

2.7 PROPOSITION (BASIC PROPERTIES 2: SCALING, TRANSLATION, MODULATION)
Let ¢ € LY(RY). For A >0, y € R?, and ¢ € R?, denote by Sa, Ty, g the
mappings from L!(IR?) to itself given by

SAp() = A2P(An), T, f(x) = Blx+y)  pclx) = plx) .

Then
FSa9] =51 F (] (2.8a)
?[quf)] =My F ] (2.8b)
F el =1 F] (2.8¢)
|

The next Proposition is also standard, and captures the interchange
of the momentum parameter and its physical space representation as a
differential operator.

2.9 PROPOSITION (BASIC PROPERTIES 3: DIFFERENTIATION )
Let ¢ € Wl'l(]Rd). Then for any j €{1,...,d},

F12,pl&) =i&lPp(&).
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Conversely, if ¢ is such that (e)¢ € L'(R%), then (’j;is differentiable and

[XJ(P] = 195] (5) [ ]

2.10 Exercise (Riemann-Lebesgue Lemma)
Prove that whenever ¢ € L! (R%), for every € > 0 there exists R > 0 such that

sup|p(&)] <e

I€I>R

(Hint: approximate ¢ by a function in W!! and apply the previous Propo-
sition.) [
2.11 Exercise (Baby Paley-Wiener)

In this exercise you will prove that if ¢ € L!(IR?) is such that there exists

R >0 where ¢|y>g =0, then (/j)\is real analytic. This is a primitive version of
the Paley-Wiener theorem.

1. First show that the assumption implies (’{)\is differentiable using Propo-
sition 2.9. By induction show that ¢ is infinitely differentiable.

2. Using the assumption show the following uniform bound: for every
multi-index «a

[0 9()] < Rl ] .

3. Use this to conclude that the Taylor series of aat every point has
infinite radius of convergence.

4. Show further (using Taylor’s remainder theorem) that there exists
r > 0 such that for every &, &’ satisfying |£ — &’| < r, the Taylor series
of :{)\, centered at &, converges to (’ﬁ\(é’) pointwise. From this conclude
that (?)\is real analytic. [ ]

The space ; Fourier inversion

We have already seen that the Fourier transform is a bounded linear map
from L' to L*: the domain and co-domain are not equal. Even though
the Riemann-Lebesgue Lemma (Exercise 2.10) guarantees that the Fourier
transforms of absolutely integrable functions decay at infinity, the decay
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does not come at a precise rate and in general the Fourier transforms are
not absolutely integrable. This is also seen in Proposition 2.7. Using the
same notation as given there, we observe that

¢lls = 1A Sl

And therefore simply from scaling considerations we see that & cannot be
a bounded linear map from L! to itself.

2.12 Exercise

Make the above argument rigorous; that is, using the scaling property in
Proposition 2.7, show the Fourier transform is not a bounded linear map
from L! to itself. [

If we want to think of the Fourier transform as a mapping from some
function space to itself, a constraint is given by Proposition 2.9. We saw
there that differentiability of a function translates to decay of the Fourier
transform, and that decay of the function translates to the differentiability
of the Fourier transform. Therefore in constructing a function space that is
preserved under the Fourier transform, differentiability and decay should
go hand-in-hand. One option is, of course, to forego both differentiability
and decay; we will address some of those function spaces later on. For
much of our purpose (proving a priori estimates for partial differential
equations), it is convenient for the computations to assuming that we have
differentiability available.

2.13 DEFINITION (SCHWARTZ SPACE)
An infinitely differentiable function ¢ is said to be in the Schwartz space

F(RY) if
sup )xa 9ﬁ(f)| < oo One can equip & with the
x€RY topology of a Fréchet space, by
for every pair of multiindices a and f. m  Using this defining condition,

indexed by the multiindices «
and B, as its countable family

2.14 DeFINITION (CONVOLUTION) fsemi
of seminorms.

When the formula below is well-defined, we say that the convolution of
two functions f and g is

fegln) ff(x ))5() dy.
]Rd

Notice that by a direct change of variables we also have

fegla)= ff(y)g(x—y) dy,
le
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Ref. 2.9: “Fourier transform
properties: differentiation”

thatistosay, f+g=g+f. [ ]

2.15 LEMMa
If ¢, € &, then so are

* 0%¢ for any multi-index a;

* P-¢ for any polynomial P;

* the pointwise sum ¢ + ;

* the pointwise product ¢ - 1;

* the convolution ¢ * . [ ]
2.16 PROPOSITION
If ¢ € #(RY), then ¢ € F(RY). n
Proor Follows from Proposition 2.9 directly. O

2.17 Example (Gaussian)
Consider the family of functions, parametrized by s € (0, ),

gs(x) = e—%|x|2

defined on R?. We claim that g, € #. First, using the well-known fact
that exponential grow faster than any power, it is easy to check that
lim o P(x)gs(x) = 0 for any polynomial P. Next, observe that for any
multi-index «, the derivative can be written as

aags = Q(a)gs

for some polynomial Q(@). Therefore g, € & for every s € (0, o).
The L! norm of g; can be computed with the following well-known trick.
First, observe the formula

8s(x) = g5(x") g5 (x?)gs(x7) -+ gs(x?).

And hence if we compute JH? e?(p(—s|x|2/2) dx we can get Jle gs dx by raising
it to the dth power by Fubini’s theorem. The case d = 2, however, can be
computed directly, using that in polar coordinates

co 21
Jexp(—%(xz +})2)) dxdy = jJeXp(_%rz)r dr do = ZTT(
00

R2
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feiman-(2)

R4
With this we can also compute the convolution of two such functions:

So that ]
2

s+t s 2 st 2
SR e )'exp(‘z<s+t)'x' )dV

The Fourier transform of g; can also be computed. Noting that g, =
s’d/45\/;g1 (in the notations of Proposition 2.7), it suffices to compute gj.
For this we will repeatedly use Proposition 2.9. First, since g; € &, we have  Ref. 2.7: “Fourier transform

that gj is differentiable, and properties: scaling, translation,
1 g modulation”

aéjﬁ = —ig[xjgl ] Ref. 2.9: “Fourier transform
properties: differentiation”
Next, observe that

axfgl = _xjgl
by the chain-rule of differentiation, and hence we have that
285 =iF0yq]=-&g

with the second equality again following from Proposition 2.9. Using
integrating factors we see that this implies

V(é)[e%lélzg](g)] =0,

and hence
g1(&)=Cg (&)

for some constant C. To find out the value of this constant, we evaluate

using (2.1)
_ 1
§1(0)= (2n)i2 ng(x) dx=1,
R4
and conclude that g; is its own Fourier transform. ]
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2.18 LEMMA (PARSEVAL’S FORMULA)

If p,p € &, then
[ #t0g ax = [ G _

Prook (SkercH) This follows by direct computation using (2.1). O

2.19 THEOREM (FOURIER INVERSION )

If p € ¥, and q’) is defined as in (2.1), then

P(x)

fcp )it ds = F()(—x).

M\n.

Proor Using that g; = s‘d/45\[g1, we have that g; = s7%/2g, ;, and j"g; dx =

(21)%2, Therefore (217)"%/2g;, as s — 0, is an approximation of identity. In
particular, we have that

1 —
b9 =tim oz [ bty 0L dx

Applying Parseval’s formula we get

. 1
o) =tim e | Tl (o) d.

As s — 0 clearly g;(x) — 1 pointwise, and hence we get

1
P(y) = W f?[g(i)](x) dx

Ref. 2.7: “Fourier transform  INOW using Proposition 2.7 we get
properties: scaling, translation,

modulation” o(y) = (om 1)d/2 J-M;ﬂP( )d

which is exactly as claimed. O

2.20 Example (Eigenspaces of the Fourier transform)
In Example 2.17, we’ve seen that g;(x) = exp —%|x|2 is its own Fourier trans-
form. Now, observing that & : & — &, we can ask whether there are
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other functions that are also its own Fourier transform. It turns out that
there are many such functions.

By the Fourier inversion formula, we have that # & [$](x) = ¢(—x). This
means that & (4)[¢] = ¢; that is to say, & is a linear operator whose fourth
power is the identity. This means that its eigenvalues are the fourth roots
of unity: +1 and +i. To generate eigenfunctions of the Fourier transform,
we can observe that, given any ¢ € ¥, ¥ acts by cyclic permutation on
the ordered quadruple (¢, F [¢], F P [p], F®)[4]), and so the subspace
spanned by those four functions is an invariant subspace of # acting on &.
Using those four functions as the basis vectors of this invariant subspace,
G acts as the permutation matrix

1

and one checks easily that the eigensubspaces E, corresponding to eigen-
values A are

E{ =span(1,1,1,1), E y =span(1,-1,1,-1);

E; =span(1,-i,-1,1), E_; =span(l,i,—1,-i).
This in particular implies that every ¢ can be decomposed as ¢ = ¢p; +¢p_; +

¢; + ¢_; with each factor living in the corresponding eigenspace of &, and  First made rigorous by Norbert
furthermore, this allows us to define fractional Fourier transforms. m Wiener.

The relation between the Fourier transform an its inverse can be used to
derive the following propositions. The latter, Plancherel’s Theorem, shows
that the Fourier transform is an isometry for the L? inner product.

2.21 PROPOSITION (BASIC PROPERTIES 4: CONVOLUTION AND PRODUCT)

If ¢, € &, then
Flp=pl=02m)"¢- (2.22)
1 — —
Flo-d]= W‘P*’J’- (2-22b.)

Proor (SkercH) The first equality follows by direct computation and switch-

ing the order’ of integration, using Pr0p051t19n 2.7 1n'the process. The Ref. 2.7 “Fourier transform
second equality follows by applying the Fourier inversion formula to the  ,,operties: scaling, translation,
first one. O  modulation”
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2.23 PrOPOSITION (PLANCHEREL)

If ¢, € &, then
f@dx:j@dg.

Jlof ax= [T e .

ProoF (Skerch) Follows from applying Lemma 2.18 to ¢ and F ~'[], and

Ref. 2.5: “Fourier transform  ysing Proposition 2.5. O
properties: conjugation,

reflection” 5 54 Exercise (Riemann-Lebesgue Lemma, part 2)
Prove that the decay given by Riemann-Lebesgue Lemma (Exercise 2.10)
has no rate. More precisely:
Let {e,,},ev be any sequence of positive real numbers tending to zero as
1 — co. Show that there exists a function ¢ € L!(IR) such that the inequality

In particular,

|p(n)| > e,

holds for infinitely many n € IN.

(Hint: take some subset S C IN and let ¢ be [using the Fourier inversion
formula] a function whose Fourier transform consists of many little bumps
centered around points in S. It suffices to choose S in a way that guarantees
that ¢ is absolutely integrable.) [ ]

Fourier transform on L?; the space &’

In the previous sections, we have initially defined the Fourier transform
(2.1) as a bounded linear mapping L! — L*; we saw further that restricting
the domain to & the image of the Fourier transform also sits in %. One
particular aspect of this is Proposition 2.23, which asserts that for functions
on %, the Fourier transform preserves the Lz(le,C) inner product

(P, )= qu(x)m dx.
IRd

It turns out that the Fourier transform can be extended uniquely to a Hilbert
space isometry of L>(R, C) to itself. We outline the procedure here:
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1. First, we note that & is dense in L?, in that given any ¢ € L?> we can
find a sequence ¢,, of functions in % such that

6=l —o.

2. By virtue of convergence, we have that this sequence is Cauchy. Since
F preserves the L? norm for Schwartz functions, we have that @ is
a sequence of functions in %, bounded in L2 norm, and Cauchy with
respect to the L? distance.

3. Therefore 74)\,1 converges to an unique element in L?: we define this
element to be ¢.

This procedure is also how we will understand a priori estimates for
solutions of partial differential equations. Abstractly, in many situations we
can construct a solution operator U(t) mapping from data in some space X
to some solution space Y; for many of the equations that we will consider,
X =Y = %. For initial data in X we can prove an estimate based on norms
W and Z of the form

U fllz < COfllw-

Then, provided that X is dense in W and Y is dense in Z, the exact same
procedure above allows us to extend the solution operator U(t) to a map-
ping U(t) : W — Z with the same bounds. And therefore, for the remainder
of these Notes, we generally will not be too concerned with regularity and
integrability of functions that are being treated, since for the most part they
can be assumed to lie in & or some related function space.

Aside from & and L2, the Fourier transform can be extended also to a
self-map on the space &’ of tempered distributions.

2.25 DEFINITION (TEMPERED DISTRIBUTIONS .5”)

The space F’(R¥) is the set of all linear mappings % — C satisfying the
following continuity condition: If ® € &, there exists m,n € N and a
constant C such that for every i € & the inequality

@) <C ) supx)"[o ()|

a]<m *€R?

holds (a ranging over multiindices). ]
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2.26 Example

For a given x € R?, the evaluation map & 3 ¢ > ¢(x) € C is a tempered
distribution. For historical reasons this distribution is often referred to as
the Dirac o function centered at x and the evaluating is written

¢Hfmwmw®,
]Rd

even though 9, is in no sense an actually integrable function. Clearly this
operation satisfies the definition of the tempered distributions: letting
m =mn =0, we have trivially

|p(x)| < sup|p(x)|-

xeR4

Similarly, letting Q) be any measurable subset of R?. The map
b [ b ax
Q
satisfies, form=0andn=d +1

J@mM=fm“wmw“w
Q Q

< [ pefeo - ax

xelR4

R
< J(x)_l_d dx -sup(x)”|¢(x)|.

Using that (x)"'~? is integrable on R¥, this shows that the above operator
JQ e dx of integrating over () is a tempered distribution.

The example in the previous paragraph can be further generalized: let
p €[1,00], and let f € LP(IRY). Let P be any polynomial, and finally let a be
some multi-index. Then the evaluation

¢HJ7MH@W¢de
]Rd

is another tempered distribution. [
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For applications, the following structure theorem gives a more concrete
way of thinking about tempered distributions.

2.27 THEOREM (STRUCTURE THEOREM FOR TEMPERED DISTRIBUTIONS)
Every tempered distribution can be written as the finite linear combination  gee Trsves, Topological Vector

of operators of the form Spaces, Distributions and
Kernels for proof and more
detailed discussions.

> fp(x)a%(x) dx
]Rd

where p(x) is a continuous function that grows at most polynomially. m

2.28 Example
Consider the 6, distribution again. This time let us focus on the case d = 1
(the higher dimensional case is analogous). How can we express ¢(x) as an
integral in the form given by Theorem 2.27?

The answer can be found by noting that, if 0, were an integrable func-
tion, then by all rights its integral should satisfy

y
Jéx(z) dz II=H 0 y <x
1 x<y

and so morally speaking the Dirac ¢ is the “derivative” of the Heaviside
step function. Inspired by this, we can choose

_]0 <0
p(y)—{y >0

which is clearly continuous. Then we have

Jp(y ") dy = J(y 09" () dy.

Integrating by parts we get

giving us the desired representation. ]
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An Introduction to Dispersive Equations

One should think of the
principal value distribution as
the “multiplicative inverse” of

the distribution ¢ — x,
which, through the Fourier
transform, tells us that the

principal value distribution is
related to the inversion of
differentiation. It appears in
the definition of the Hilbert
transform, and is the simplest
example of a singular integral
operator.

© Willie Wai-Yeung Wong

Now, the Fourier transform & : & — &, and %’ is the set of continu-
ous linear functionals on %, so from linear algebra the “transpose” of
should give a map &’ — %’. In other words,

2.29 DEFINITION
If ® € ¥ is a tempered distribution, we define its Fourier transform as the
tempered distribution

D:F 3¢ D(P). =

When ¢ € &, we can define a distribution by ¢ — f(j)z,b dx. We see that
the above definition is compatible with the notion of Fourier transform for
Schwartz functions by virtue of Parseval’s identity (Lemma 2.18).

2.30 Example
Returning again to the ¢ distribution. Consider the distribution 6, centered
at x = 0, and let us compute its Fourier transform. By definition

j(’%qﬁ dx = féoc}?dé = $(0)

On the other hand, by the definition of the Fourier transform (2.1), we have

— 1
$(0) = WJ.(P dx.

So we can say that the Fourier transform of 9, is the constant function
(2m)~4/2, n

2.31 Example
For a more involved example, let’s consider the principal value distribution
for functions on R. Given ¢ € ¥ (R), we can define

f(i)

First, let us verify that this is indeed a tempered distribution. We can

compute
—€ (o]
[
x
—00 €

1

-

—oco  —] €
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The first and last terms can be bounded by, for example

U}M dx
X

(s¢]

-1

< J é ()|p(x)| dx < ig£<x>|¢(x)|-

—00

For the middle two terms, observe that

—€

1
1 1
j—dx+f—:0,
X x
€

-1

we can write

to get

f@dﬂj‘(pi f¢ dx+J-¢
] ¢

Now, since ¢(x) —¢(0) evaluates to 0 as x = 0, and that ¢ is smooth, we have

that ¢(x) — ¢(0) = xp(x) for some smooth function 1. Now, i(x) = M
and hence, by the mean value theorem, equals ¢’(y) for some y € [0, x]. This
allows us to control uniformly
1
< J)¢(x>
-1

1
X) P(x)
d +JT d

Putting together the estimates we see that p.v.1 is indeed a tempered
distribution.
To compute its Fourier transform, first write

-] [ 7 e [ 5]

'(x)]-

Now
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/\1 —zx{ 1x£
[p.v.;]( NGT ll_l’)l’;l)J\ j ¢(x) ——— dx d¢&.

€ —0

So

:—21sm(x§) &

Since for fixed &, sin(x&)/€ is an odd function, we can write

1 _ sm(xé)
ot ] -2
Now, since <{)( — ¢(—x) is an odd Schwarz function, we can define ®(x) =
f oy y) dy. We note that ®(x) is obviously even, and smooth, with

hmx_)ioo(b( ) 0. The superpolynomial decay of ¢ implies that @ also has
rapid decay, and hence ® € . We can then integrate by parts in x.

[p.vé}(q’)): : llmJJ® x)cos(x&) dx d&

j D (x)e*¢ dx d&

where we used that @ is even. Since ® € & we can replace by its Fourier
transform

by the Fourier inversion formula. We can expand ®(0 j P(x
to finally get

© Willie Wai-Yeung Wong 44



Lecture Notes given at Michigan State University Refs. 2.32-2.34

and identify the term in the brackets with the Fourier transform of the
principal value distribution. ]

2.32 Remark
Formally integrating by parts the structure theorem, we have that tempered
distributions can built from operations

¢ J(—l)'“'a‘*p(x) -¢p(x) dx.
]Rd

Therefore it is customary to identify a distribution ® € &’ with the object
“(=1)lell 9@ p”. This is especially apt as for many reasonable functions f the
operation

¢ ff(xw(x) dx
le

is a tempered distribution, so rather than thinking of f and the operation it
defines from the above expression as two different objects, it is convenient
just to denote the corresponding tempered distribution also by the symbol
f. We will adopt this convention throughout: when a function f is given
on R? and asserted to be a tempered distribution, the linear operation we
refer to is the one defined above.

We’ve already seen this notation used earlier, when looking at the ex-
pression de 0,(v)¢(v) dy for the evaluation map at x, phrased in terms
of the Dirac 9,. For “integration over a measurable subset (0”, the corre-
sponding function would be the characteristic function 1. And from the
previous example, the Fourier transform of the principal value distribution
should be identified with the function —% sgn(x). [ |

The method with which we defined the Fourier transform can also be
extended to other linear operations that send & to itself. In particular,
many of the operations listed in Lemma 2.15 extend to mappings of &”. For
example, if @ is a tempered distribution, then we can define its derivative
by the formula

D F 3P D((-1)9% p). (2.33)

(the factors of —1 come up because we are formally “integrating by parts”,
see the previous remark) and multiplication by a polynomial can be defined
by

P-®:F>5¢p->DP- ). (2.34)
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One can check that when ® can be represented by integrating against a
Schwartz function, the definitions above agree with the interpretation in
Remark 2.32.

This method of definition is compatible with linear mappings of & —
&; however, this is not compatible with bilinear mappings. And so, prod-
ucts of tempered distributions and convolutions of tempered distributions
are not, in general, well-defined. However, we can define, when ® € &’
and ¢ € ¥ the operations

- ¢:F 3> D(P-9) (2-35)

and

DPxp: F 39> D(Pp=1). (2.36)

2.37 Remark

Convolution and point-wise multiplication, as mentioned above, cannot be
defined as full bilinear mappings on %’. They, however, can be defined
as partial functions. For example, if ® € &’ is a distribution with compact
support (this means that there exists a compact set K ¢ R? such that when-
ever ¢ € & vanishes identically on K, ®(¢) = 0), then one can check that
See Hormander, The analysis = @ * ¢ is in fact in Schwartz class. This means that convolutions of tempered

of linear partial differential  djstributions against distributions of compact support are well-defined.
operators. I fora more There are similar criteria for the point-wise product of tempered distri-
complete discussion of such . X . R R X
properties of distributions. Dutions to be well-defined; a thorough analysis of the situation requires the
notion of the wavefront set, which can be thought of as a method to measure
the degree of singularity of a tempered distribution in the full quantum
phase space. We will not engage in a discussion here. |

Uncertainty principle

The colloquial formulation of the uncertainty principle states that

“You can’t know the position and momentum of a particle at
the same time.”

Some aspects of this we have already seen in our discussion of the Vlasov
equation. In Exercise 1.14 we explored the impact of lowered regularity of
initial data on decay rates. The W®! condition in the proof of Theorem 1.10
should be thought of as a “phase space regularity” condition that prevents
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the initial data to be concentrated around a hyperplane of dimension strictly
less than d. This means that the initial phase-space distribution must be
such that no more than half of the phase-space variables can be known to
infinite precision. (A point particle is represented by a Dirac ¢ distribution.)
So it is underneath this primitive version of uncertainty principle that
dispersion holds.

The uncertainty principle is, however, baked into quantum systems.
And some of the basic dispersive phenomena that we will described for
quantum systems can trace their foundations, at least in part, to this simple
concept. And the reason that the uncertainty principle appears really is due
to the quantum phase space that underlies the equations: the uncertainty
principle is, above all, a statement about the Fourier transform.

A first manifestation of the uncertainty principle comes as a direct con-
sequence of the Paley-Wiener Theorem (see Exercise 2.11), and is commonly
stated in the form “a function and its Fourier transform cannot both have
compact support.”

2.38 COROLLARY _
Suppose ¢ € L'(R?) and has compact support, and ¢ also has compact
support. Then ¢ = 0. u

Proor By the Paley-Wiener Theorem we have that ¢ is real analytic from Lusin’s Theorem states that
h h The h h lso i li hat & ish given a measurable function ¢
our hypotheses. The hypotheses also implies that ¢ vanish on some open ¢, . compact set X, for every €

set. By analyticity it vanishes everywhere. Parseval’s identity implies then  there exists a compact set
for every Schwartz function 1, led ¢ dx = 0. This implies that ¢ = 0 by E C X where X\ E has measure

Lusin’s theorem O <eand Q|E is continuous.
2.39 Remark

The final steps of the above proof also gives a proof of the statement that

F L' - L™ is injective. [

A quantitative version of the uncertainty principle can be derived from
the fact that the momentum operator V) (which we can think of as be-
ing multiplication in frequency space thanks to Proposition 2.9) does not
commute with the position operator x.

ax,-xi — xiax,- =1

as differential operators on functions. This manifests in the following
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computation. Let f € &. Foreachi € {1,...,d}:

f|f| dr= [(@ux s ax

R4

- [ #ir0 T+ Four) ax
R4
after integrating by parts. Now rewrite as

—inf-8xi]_’+xi]_f-5’xif dx
le

we can apply Cauchy-Schwarz to get

1
2 2
<2 f(xf>2|f|2 dx ﬁaxiﬂz dx
d d

With help with Proposition 2.9 and Proposition 2.23, we can rewrite the
inequality as

1172 < 2| f],»

Inequality (2.40) is usually called Heisenberg s uncertainty principle, where
the name comes from interpreting If|> as a probablhty density, and hence
(x)? is the variance of the position operator x', interpreted as a random
variable. This inequality should be understood as saying that the function
f cannot be such that both f and f concentrate near the origin (the origin is
not special here, due to translation invariance of the L? norm; concentration
would imply, for example, [|x fHL2 ~ 0), without the function itself to be
small.

We conclude this section with Hardy’s uncertainty principle, which we
won't prove here (it relies on complex analytic techniques, specifically the
Phragmén-Lindelof principle). Whereas the Paley-Wiener result mentioned
above states that f and fcannot both have compact support, Hardy’s
principle states that f and ]/‘\cannot both decay too fast. In fact, the joint
decay rates exhibited by the Gaussian functions are optimal, and that the
Gaussians are the unique optimizers.

(2.40)
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2.41 THEOREM (HARDY’S UNCERTAINTY PRINCIPLE)
Let f be a Schwartz function. Suppose that there exists C, C such that the
pointwise estimates

If(x)] < Ce 2hF, |f(<§)| < Ceih’

hold for all x,&. Then f(x) = Aexp—%lxl2 for some constant A. [

2.42 Exercise
Let f be a Schwartz function. Suppose that there exists positive constants

C, C, a,d such that the pointwise estimates

a - A a
£ < Cexp(-ShP). |70 < Cexp(-5 1P
hold for all x, &£. Show that
e Ifai=1, then f(x)= Aexp—%|x|2 for some constant A.
e If ad > 1, then f(x) = 0.

(Hint: use Hardy’s uncertainty principle plus scaling.) [ ]

Some applications to dispersive equations

Let us return to our original purpose of understanding (1.27) as a repre-
sentation formula for the solution to dispersive equations. The discussion
above readily shows that, after prescribing Schwartz class initial data for
the Schrodinger (1.29), Airy (1.30), and Klein-Gordon (1.31) equations, one
can construct solutions that are Schwartz for every instant in time.

Take, for example, Schrodinger’s equation. Taking the Fourier transform
in the spatial variables formally gives us the equation

i0ip+1EPdp=0 (2.43)
which is an ordinary differential equation for every fixed frequency &. This
implies that

$lt,€) = e (0,¢). (.44)
Noting that & — exp(i|/§|2t) is smooth with norm 1 for every ¢ € R, this
impliis that as long as ¢(0, ) € & (which would be the case if ¢(0,e) € &),
so is ¢(t, ) and hence also ¢ (¢, e).
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Similarly, the Airy equation has Fourier transform

d,p+i&3¢ =0. (2.45)

Thus its solutions can be recovered from

$(1,&) = e€1H(0,€), (2.46)

which implies that Schwartz initial data gives rise to Schwartz (in space)
solutions.

The Klein-Gordon equation, being second order, has to be treated
slightly differently. The Fourier transform of the equation takes the form

I+ (£ +1)p=0. (2.47)
The general form of the solution to the ordinary differential equation is
P(t,E) = Ae™®) 1 Be71HE),

The two amplitudes A and B corresponds to the fact that, for a second order
equation, we need to prescribe both the initial value and the initial velocity.
Rewriting we get

FUt,€) = cos(HENP(0,6) + %@(o,a. (2.48)

Since cos(t{&)) and sin(t(&))/{&) are both smooth, bounded functions, this
implies that as long as the initial data ¢(0,e) and d;¢(0, e) are Schwartz
class, so is ¢(t, e) for every time f.

2.49 Exercise
Prove that the functions

R 5 & > cos(&])

and

sin(|<])
13
are smooth and bounded. As a consequence show that given ¢, ¢; €

F(RY), there exists a solution ¢ of the wave equation (1.32) on Rx R? such
that ¢(0,x) = ¢o(x) and 9;¢(0,x) = ¢1(x), and that p(t,e) € F(RY). [

IRdaéH
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The Fourier representation formulae (2.44), (2.46), and (2.48) involves
multiplying the Fourier transform of the initial data with a bounded smooth
function. Now, recall that bounded smooth functions are in fact tempered
distributions. One can easily show that Proposition 2.21 also holds if one
takes the product or convolution of ® € &’ with ¢ € &. Therefore, the
discussion above proves

2.50 THEOREM (EXISTENCE OF FUNDAMENTAL SOLUTION)
For every t € R, there exist tempered distributions

(Sch)

Gl (Airy) ~(KG)

LG GG Givave) ¢ (e
such that:

* The function ¢(t,x) = - ¢o(x) solves the Schrodinger equation
(1.29) with initial data (j)( x) = ¢o(x).

¢ The function ¢ Alry

,X) = + (o(x) solves the Airy equation (1.30)

with data ¢(0,x) = ¢p(x)
* The function ¢(t,x) = (athKG)) +Po(x)+ GEKG) + 1 (x) solves the Klein-
Gordon equation (1.31) with data ¢(0,x) = ¢g(x) and 9;¢(0,x) =

¢1(x).

* The function ¢(t,x) = (J; wave )*do(x)+G Wave +¢1 (x) solves the wave
equation (1.32) with 1r11t1al data ¢(0,x) = ({)O x) and d;¢(0,x) = Py (x).

The initial data ¢, ¢; are assumed to be in &. [ |

2.51 Remark
We can formally write, for example,

Sch 1 . .
Gi “ )(x) =— jexp[zt|£|2 +ix- &) dE&.
(270)
R4

This should be compared to (1.27); the integrand is simply the set of all
monochromatic plane wave solutions to Schrodinger’s equation. Similar
computations can be performed for the other fundamental solutions.

Note that the power of the factor 27 is d: this is due to d/2 coming from

the inverse Fourier transform, and d/2 coming from Proposition 2.21.
h) Ai .
Necessarily, at t = 0, we have that G (5 Gg iry) = 0¢. For the Klein- .
Ref. 2.21: “Fourier transform

Gordon and wave equations, it is the terms atGé and 9;G, (Wave) that properties: convolution and
equals the Dirac o. m product”
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Variations of this technique
lead to the RAGE theorem (due
separately to Ruelle, Amrein
and Georgescu, and Enss) of
quantum dynamics; see
Chapter 5 in Teschl,
Mathematical methods in
quantum mechanics.

In the subsequent chapters, we will study the qualitative and quantita-
tive properties of the fundamental solutions described above. Here we give
one simple example.

2.52 Example (Qualitative decay for solutions to Schrodinger’s equation)
Consider the formula (2.44), which implies

fei'f'zf%(a de.

R4

P(t,0) =

(27‘()’1/2

Express the integral now in polar coordinates (r, ) € R, x $%1, we have

1 ( ir?t -
P(t,0) = Wj f et Po(ro)r®! dw dr.

0 Sd—l

Now perform the change of variables p = 12, we get

1 o )
b(t,0) = Wf J- e o(pw)p' "2 dw dp.
0 gd-1

Let 1 be the function on IR defined by

o) [P s dolpw) da, 2 0;
0, p<0.

Then

¢(t,0) = p(=t).

Since ¢y € &, we have that % decays rapidly and is bounded near the
origin, and therefore 1(p) is absolutely integrable (as (d — 2)/2 > —d for
every d > 1). This means that ¢(¢,0) is given by the Fourier transform of an
absolutely integrable function, and hence by the Riemann-Lebesgue lemma
Exercise 2.10 converges to 0 as t — *oco. Note further that there is nothing
special about the origin: we can apply the translation operator to ¢ and
run the proof again centered at any point x € R?. So as a consequence we
have proven that: if ¢ solves Schrodinger’s equation (1.29) with Schwartz
class initial data, then for any x € IR?, it holds that lim,_,, ¢(t,x) = 0.

The same result holds also for solutions to the Airy, Klein-Gordon, and
wave equations, essentially by the same argument. |
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Chapter 3

Oscillatory Integrals:
Boundedness and Decay

In the previous chapter we discussed the basics of Fourier theory; in this
chapter we will talk about some more advanced applications. The starting
point is the Riemann-Lebesgue Lemma, its application in Example 2.52,
and Proposition 2.9.

Let us recall: by the Riemann-Lebesgue Lemma (Exercise 2.10), the
Fourier transform ¢ of an absolutely integrable function ¢ € L' (IR?) is not
only uniformly continuous, but also decays to zero as |£] — co. On the
other hand, this decay carries no guaranteed rate by Exercise 2.24. A rate

of decay however is guaranteed when we are willing to sacrifice derivatives.

By Proposition 2.9, when ¢ is in the Sobolev space W' (IR%), we can relate

the Fourier transforms  [d;¢](&) = icfja((f). Since #[d;¢] is a bounded
function, this implies that

6] <|b| 0 &)

More generally, if ¢ € WFE1(R?) then |$(<E)| < “‘P”Wk,1<5>_k» a fact which
motivated our definition of the Schwartz space .

It is natural to ask whether we can do the same thing to get higher
rates of time-decay for solutions to Schrodinger’s equation, in view of the
application of the Riemann-Lebesgue Lemma to derive a “rate-less” decay
in Example 2.52. The answer is mixed. Revisiting the proof: we applied the
Riemann-Lebesgue Lemma to the function ¢ that vanishes on the negative
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half line and is equal to

P(p) = p42? f bolpw) dw

Gd-1

when p > 0, where 3); € & is given. This function ¢ is absolutely integrable:
in fact, rapidly decreasing near infinity. However, i is not, in general, in
. Given that

B f $o(pw) dw = [$7!] - Go(0),
gd-1

we have that ¢ cannot be continuously differentiable more than d—gz times

at the origin, since 1(p) is identically zero to the left and grows like pd%2 to
the right. So the integration by parts argument can be applied only Ld—gzj
times, resulting in the following proposition.

3.1 PrRoPOSITION

Let ¢ be a solution to Schrodinger’s equation (1.29) with initial data ¢ €
& on dimension d > 3. Then for every x there exists some constant C
depending on ¢, and x such that

|t x)] < C(ty L7, =

3.2 Remark

The improved decay to the Fourier transform can also be studied for initial
data in Holder classes Ck7; in the case of odd dimensions this allows us
to bridge the gap between d%Z and Ld%ZJ. Nonetheless, as we will see
later on in this chapter, the sharp decay rate for solutions to Schrodinger’s
equation is +4/2 5o while the method above comes close, it still leaves a
gap. Therefore we will not focus too much attention discussing the details
of this method; what one should keep in mind from this illustration is
that firstly, decay rates generally increase with the dimension d (in full
agreement with what we saw with Vlasov’s equation), and secondly, the
obstacle of decay happens where the dispersion relation w = w(&) = |&|* has
a critical point. At this stage the connection between the critical point and
the finite rates of decay is a bit harder to see, and explaining it will be the
point of departure for this chapter. [ ]
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Stationary phase: obstructions to decay

Let us begin by examining the proof of Proposition 2.9 in more detail. Let  Ref. 2.9: “Fourier transform
¢ € F(R). Let us consider the integral properties: differentiation’

jcj}(x)ei"5 dx.

Using that d,(x&) = &, we can write
—ix& _ —i& —ix&
o(x)e dx= | ¢(x)- T e dx
i i i ixe
= EJ<¢>(x) e ¥ dx = _Efa@(x)e * dx. (3.3)
In the last equality, we integrated by parts. The exact argument of (3.3)

can be generalized. Recall that the support of a (continuous) function is the
closed set

supp = {x € R? | p(x) = 0}. (3.4)

For convenience we will set the following notation for use in this chapter. o7 more about oscillatory

integrals, see Stein, Harmonic
analysis: real-variable
methods, orthogonality, and
oscillatory integrals.

3.5 DEFINITION
Lety: R? — R be a smooth function, and let ¢e F(RY). For every A€ R
we introduce the notation

0 [ pe i ds
R4

The quantity I,, 4 () is often called an oscillatory integral of the first kind in
the literature. ]

3.6 LEMMaA
Let 77 : R? — R be a smooth function, and let ¢ € F(R?). Suppose

there exists ¢ > 0 such that |V17(x)| > c for every x € supp¢. Then for
every N € N, there exists a constant Cy which depends on ¢, N, and on

SUPa<N+1 SUPxesupp |0 (x)|, such that

C
o] < Sl
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An Introduction to Dispersive Equations

Don’t worry too much if you
don’t find this relation obvious.
Roughly speaking the
singularity means that if you
try to rewrite Iy (1) in the
form of a one-dimensional
Fourier transform, whatever
change of variables you make
there will be a “fold” in the
parametrization. The
connection can be made a bit
clearer if you look through
Whitney, “Singularities of
Mappings of Euclidean Spaces”.

Ref. 2.52: “Decay of
Schridinger via
Riemann-Lebesgue”

© Willie Wai-Yeung Wong

Proor Using that Vexp(idy) =iAVyexp(idy), we have

(l)ei/\r] — (P ZVH'VEM’].

iA|vy|

Integrating by parts this means

Writing L the operator

we see, by induction
LoD < A™N [ |LMN ] dx.
¢ ¢

Point-wise LN ¢ is bounded by up-to-N derivatives of ¢ multiplied against
factors involving up-to-(N + 1) derivatives of #, with a linear dependence
on the ¢ terms. And hence putting the ¢ terms in L! we get the claimed
decay rates, after noting also that )I,]’¢(A)| < qu”L1 by definition. O

In the case of the standard Fourier transform, fix w € $?~! and let
#1(x) = w-x. This function being linear we have that its gradient has nonzero
norm. Writing ¢ in polar coordinates as Aw with A € R, we have that the
Fogr/i\er transform ¢(&) is proportional to I, 4(—A) for the above-chosen 7
and A.

The crucial condition in this lemma, however, is that |V17( > c¢. The

appearance of |V17( in the denominator of (3.7) is related to the finite differ-
entiability of ¢ in the discussion of Example 2.52 at the beginning of this
chapter. Returning to the representation formulae (2.44), (2.46), and (2.48),
we see that ¢ plays the role of A, and #(&) takes the forms |§|2, &3, and (&)
respectively. In all three of those cases V#(0) = 0, and therefore Lemma 3.6
does not apply. The main results of this chapter are extensions which can
be applied to study the decay rates of solutions to the Schrodinger, Airy,
and Klein-Gordon equations.
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Estimates when d =1

As often happens, we understand the situation in the one dimensional case
much better. Using the special structures of the one dimensional real line,
we can get sharper estimates compared to Lemma 3.6. The first results
proven in this section are frequently referred to collectively under the
name of “Van der Corput Lemma”. Throughout this section we will let
(a,b) be an open interval, where the end-points are allowed to be infinite.
We take 71 to be a smooth, real-valued function on (g, b) with continuous
extension to its closure, and ¢ a smooth, complex-valued function with
continuous extension to the closure of (a,b). We also assume that ¢ and its
first derivative ¢’ are absolutely integrable on (4, b).

3.8 LEMMA (VAN DER CORPUT, PART 1)
Suppose that |17’| > 1 on its domain of definition, and suppose further that

7’ is monotonic. Then

b
oo < o+l |

Furthermore, if ¢ has compact support in (4, b), then the estimate can be
improved to

b
, 2
[ oerart < 2o,
a

Proor We proceed as in the proof of Lemma 3.6. Noting that
iy _ (P v, iy
b=V

integrating by parts we get

7 . . b
el/\q dx = J‘(Qb (Prl )el/\r/ dx + iez/h]
qu )7 iy’

K
Using that |17’) > 1, the first term in the integral we can bound by A~} ||<j)’||L1 .
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For the second term we use

b ¢ . b
| e gl <ol ||
a a

The assumption that #’ is monotonic, however, implies that

dx.

17//
(n')?
b b

77 7’]”
dx = j =
uj J (')

1
Putting everything together gives

(n')?

b
i L
Jqﬁe M dx| < 1 [“‘f’ HLl(a,h) + “‘P”Lw(u,b) + (@) + | (b) ] (3:9)

which immediately implies the desired results. O

Comparing Lemma 3.8 and Lemma 3.6, we see that Van der Corput’s
lemma has the extra assumption that ¢’ is monotonic. But from this it
sharpens the decay result so that the constant Cy, which in Lemma 3.6
would depend on the second derivative of 7, now has no dependence on
higher derivatives of 7, nor on the length of the interval (a,b). This allows
us to generalize the result to deal with cases where 7 has critical points. A
first example being:

3.10 LEMMA (VAN DER CORPUT, PART 2)
Suppose |11”| > 1 on its domain of definition. Then

4)/

b
[ e ax < [l + sl ]

T

Proor Observe that if #’(xg) = 0, then by the fundamental theorem of

calculus
X0ty

1n'(xo+y) = f n"(z) dz

X0
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and so with the hypothesized bound
sign) we get

n”| = 1 (which implies #” has constant

|7 (x0 +9)| > 3.
This means that for any ¢ > 0, among (a, b) there exists at most one unique
interval I, with length no more than 26, on which 17’| < 0. The complement
of I can thus be written as the union of at most two intervals.
We split the integral

b
J(i)ei’\” dx = J¢e”’7 dx + quei’\” dx.
a I Ic

Within the region I we estimate

[ o ard <] < 204]
1

Let ] be a connected component of I¢. The function 617 satisfies |(c5’l n)’

>
1 on J with (67'7)’ being monotonic. So we can apply Lemma 3.8 to get

Ref. 3.8: “Van der Corput:
non-stationary case”

. (S - 1
[ as | et < 1o ol ]
] J

Therefore, since there are at most two pieces, we get

IJC-(j)ei"'7 dx| < 61_/\ [“qﬁ'

Combining the estimate on I and I we get the lemma as claimed. O

oy 60l ]

The trick going from one derivative to two derivatives can be repeated
inductively.

3.11 LEMMA (VAN DER CORPUT, PART 3)
Suppose the kth derivative )q(k)| > 1 on its domain of definition, for some
k> 2. Then

b
J‘f’éM dx| < Ll[”(p’ T (525 _Z)H(P”L""]'

A%
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3.12 Exercise
Prove Lemma 3.11 by induction on k. [

3.13 Example (Applications to dispersive equations)

As an immediate application, let us revisit some of the representation

formulae discussed before. Fix the dimension d = 1. Looking back into the
Ref. 2.52: “Decay of ~ discussion of Example 2.52, for Schrodinger’s equation, the solution can be

Schrodinger via represented by
Riemann-Lebesgue”

d(t,x) = \/L_Je”‘fze"xé%(g) de.

27

Setting 77(&) = $&2 and grouping together eix‘f(/j);(é) as the amplitude, an
application of Lemma j3.10 gives us that

[#07,+belall + il 1)

1
ot < e [

We see that this already gives us an improvement over both Example 2.52
and Proposition 3.1.

A similar result holds for solutions to Airy’s equation, where the decay
rate found is now |t|71/3; this uses Lemma 3.11. For solutions to the linear
wave equation in d = 1, the situations is vastly simpler. The dispersion rela-
tion for the wave equation in one dimension implies that, if the initial data
(both position and velocity) is in &, then there exists Schwartz functions
¢, and ¢_ such that

Pt x) = \/%_T( i! ¢+(£)eit£eixé + qb_(é)efitéeixé de&.

And so for fixed x we can conclude that ¢(t,x) decays faster than any
polynomial: the same conclusion can be reached using the method of
characteristics in physical space.

The Klein-Gordon equation requires a small trick. Observe that the
phase function is (&) = (£). We see that 11” = (£)73 is not bounded below,
and so Lemma 3.10 cannot be applied directly. To get around this problem,
notice that " and 7 are not small both at once. More precisely, for |£]| > 1,
we have that (17’| = % > %, while for |£] < 1, we have |r]”| = (&3 > %
Therefore we can apply Lemma 3.8 to the region {|§| > 1} and Lemma 3.10 to
the region {|&| < 1} to conclude that solutions to the Klein-Gordon equation,
for fixed x € R, must decay like +~1/2 in time. ]
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3.15 Remark (Is the wave equation dispersive?)
Let us re-examine the wave equation (1.32)

4P -ndp=0

which, we recall is based on the dispersion relation w? = |k|2. This we can
rewrite as w = i% -k, and from this we derive that its classical analogue

equation would be the following modification of Vlasov’s equation:
8tp+ﬁ'v(x)p:0. (3.16)

The fact that the velocity dependence is of the form v/|v| means that we
are essentially losing one dimension worth of dispersion: particles of “mo-
menta” v and Av for any A > 0 will travel with the same speed, and so will
not separate spatially.

This is especially noticeable in dimension d = 1. The dispersion relation
means that all positive momenta particles will be moving with one speed,
and all negative momenta ones will be moving with another, and so in
dimension 1, the wave equation behaves not like the kinetic theory picture, but
like the N-particle picture. And in particular, in dimension d = 1 the wave
equation cannot really be considered as dispersive. Indeed, by the method
of characteristics we see that solutions of the linear wave equation in one
dimension, like the solutions in the N-particle picture (Exercise 1.4), has a
threshold below which the amplitude cannot decay.

In higher dimensions, however, some remnants of dispersion remain
available. Due to the fact that particles travel in the direction given by
their momentum, angular dispersion is still available, and so by dimension
counting we expect that wave equation in d > 2 dimensions decays like
Schrodinger equation in (d — 1) dimensions. ]

3.17 Exercise
The equation (3.16) can be rephrased as follows. Fix d > 2. Let p: Rx R x

$9-1 - R, be the distribution function. Assume p solves
dip(t,x, w)+ w - V(x)p(t,x,w) =0,

where we naturally identify w € $%~! with a corresponding unit vector in
R“. Formulate and prove an analogue of Theorem 1.10 for p. ]

3.18 Remark
The discussion of the Klein-Gordon equation in Example 3.13 above brings
up an important technique when applying Van der Corput Lemmas. Since
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the Lemmas are independent of the length of the interval (a,b), we can
freely localize the estimates by chopping up our domain into smaller pieces.
For considering asymptotic behavior, one can first restrict to the set where
1’ is bounded below by some positive constant. Only on the remainder,
where 7’ is small, do we need to consider the higher order Van der Corput
estimates. So among the points where #’ is small, we use Lemma 3.10 for
the subset where #” is bounded below, and only on the remainder where
both #” and 5" are small do we start consider higher order estimates like
those in Lemma 3.11. We return to this again below when we discuss the
asymptotic behavior of oscillatory integrals. [

The Van der Corput lemma establishes a decaying upper bound for the
oscillatory integral. A natural follow-up question is: can the integral

b
J(pei"” dx

be developed as an asymptotic series in inverse powers of A? The answer to
this question is encapsulated in the method of stationary phase. We will not
give a full account of the method here; rather, we content ourselves with an
illustration on how to compute the leading term of the asymptotic series
for solutions to the Schrodinger equation.

3.19 Example (Leading order asymptotic for 1 dimensional Schrodinger)
Consider the integral

J.q)(x)e"’\"2 dx,
R

1/2’ we

where ¢ € ¥. Knowing that this integral decays at least as fast as A~
can ask about the limit

A—0o0

lim 12 Jcp(x)e”xz dx=1

R
A first thing to notice is that if our smooth ¢ is such that ¢(0) = 0, then
the limit vanishes. This is due to the observation that if ¢ is smooth and
¢(0) = 0, then there exists some smooth 3 such that ¢(x) = xip(x); we have

already seen this argument in action implicitly in Example 2.31, and a
stand-alone proof is given in Lemma 3.21 below. Using the observation, we
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see that when ¢(0) = 0, the integral
e dx = x)xe™ dx = —— X)Velr dx.
x) iAx d iAx d 21/\ )V iAx d
R R R

So after integrating by parts we obtain, as claimed, that

; 1
/‘li_r}olo/\% jcp(x)el*xz dx| < lim —||¢’
R

=0.
A—00 217 L

By the linearity of the integral in ¢, we then conclude that

1 H P
lim A2 ‘J-zj)(x)el’\x dx
A—o0
R

must be proportional to ¢(0). It thus remains to compute what the constant
of proportionality is. Our argument above showed that we can choose
¢(x) at our convenience for this computation, so we will choose ¢(x) =
exp(—%x2). We can rewrite

1-2i)
(24)°

1 1
—Exz +ilx? = —§<2)\>x2 .

the final fraction has norm 1, and can be written as ¢2% for some 0y €
(—7t/4,1t/4). Now using that the mapping z > exp —z? for z € C is holomor-
phic, and on the sector z = re'® with 0 € (-1t/4, 7t/4) we have that exp(-z?)
decays to zero at infinity. So by contour integration, we conclude that

1
J‘e_%xzﬂ’\xze"eo dx = L - Je_]fxz dx = (—27{ )2 .
(2))2 (24)

R R

Noting that as A — oo we have 0y — —7t/4, we conclude that

A—0o0

lim AZ J¢(x)e”x2 dx = e'™ 4\ p(0), (3.20)
R

and thereby giving the first term of the asymptotic expansion of the oscilla-
tory integral.
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Ref. 2.9: “Fourier transform

properties: differentiation”

Ref. 3.11: “Van der Corput:
stationary case, k > 3”

Now, returning to the actual Schrodinger’s equation, we have that in the
cased =1

1 .
bitx) == [ G a
V2
T R
And hence asymptotically

L e17'(/4 zn/4
i 2 =
fim (0= <= fq>o

3.21 LEMMA (BABY MALGRANGE PREPARATION)

If ¢ € #(R)and ¢(0) = 0, then there exists i € #(R) so that ¢(x) = xp(x).m

Proor Since ¢ € ¥, we can compute ae . By the Fourier inversion
formula applied to x = 0 we get

0=¢(0) =

1 _
EHJ;(M(EM(S

Consider the function i(x —1J ([) &) d&. The above identity implies

that z,l) € ¥ also, and therefore is the Fourier transform of some Schwartz
function . By Proposition 2.9, this means

d — _
=i g P(6) = (&)

and so xi = ¢. O

T [xp(€)

Estimates in higher dimensions

In higher dimensions, we do not have the same # independent bounds that
we saw in the Van der Corput Lemmas. The direct analogue of the higher-
order Van der Corput Lemma turns out not to be as useful for analyzing
dispersive equations; we state it here without proof for completeness. It
proof is basically identical to the that of Lemma 3.11, but combined with
localizations to small balls using a partition of unity argument.
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3.22 ProPOSITION

Suppose ¢ € F(R?) and n: R? — R is smooth and that, for some multi-
index a with k = |a| > 1, we have |9“17| > 1 on supp¢. Then there ex-
ists some constant C dependent on the dimension d, the number k, and
SUP|g|<k+1 supxesupp(p‘aﬁq , such that

1,00 < CAE ([l + ]|V, ). .

For our purposes, more interesting are the cases where the critical
point is isolated. In the case where the isolated critical points are non-
degenerate, meaning that the Hessian matrix at the critical point is invertible,
one can recover better decay rates. We will not prove the statement for
general stationary phase integrals, but will illustrate this approach using
the Schrodinger and Klein-Gordon equations.

3.23 THEOREM (DECAY OF SOLUTIONS TO SCHRODINGER)
Let 17(x) = x>. Then there exists a constant C depending only on the dimen-

sion d such that for every ¢ € #(R%),
1.0 (0] < ™26y .

Proor Let x( be a bump function satisfying

* Xo€ Cg"(le) and takes value in [0,1],

* xg is rotationally symmetric: xo(x) = xo(y) when |x| = |y

* xo(x)=1 when |x| <1 and 0 when |x| > 2.

Define x,,(x) = xo(27™x); X is supported on the ball of radius 2”*!. For a
given m, we can split the integral

Iq,cj)(/\) = Ir;,)(mrj)(/\) + Iq,(l—)(m)qb(/\)-

The first term is easy to estimate: using the compact support of x,, we get

|y (V)] < 2702

For the second term, we observe that using r = |x| we can write

Iﬂr(l—x,n)dn(?\) = J(l _Xm(r))¢(x)ei/"2 dx
R4
- - —15 Lidr? g,
C 20 (L=Xm(r)p(x)r~ d,e"" dx;
R4
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we used the fact that (1 — x,,(r) is supported exterior of the ball of radius

2™, Let L denote the operator f — 8,%, repeating the integration by parts
we get

Bk = G | L0 - 2l gl
R4

(d)

The expression L'*) can be written as a sum of terms of the form

'8?2(1 _Xm) ' 8?3(11)

where a; + a; + a3 = d; this can be shown by induction with the fact that
0,77 K = —kr~%=1. The coefficients of the sum depends only on d. Therefore,
there exists some constant which depends only on the dimension d such

rd+ay

that
C 1 a a
|I'7:(1_Xm)(/)(/\)| = (2/\)0] Z rd+a; 0 (1= xm)- ar3¢ ‘ .
a1+a2+a3:d L
By Holder’s inequality we can bound
1 i
a0 (=) 07 )| < [ 07 1 = 2l e 9 s

where the integration is over supp(1l — x,,), which we can possibly enlarge to
the exterior of the ball of radius 2. Thus a direct computation shows that
—d- —md
I g, <27

Using that x,, is obtained from x, by scaling we also have

H&fz(l - Xm)“Ld/az < L
And finally by the Gagliardo-Nirenberg-Sobolev inequality we have

197l e < [l

The space WP is the Combining all the estimates we get

i vty & dersatoes [y 0] 2@l o + 427 [ 8]

As the inequality holds for all m and A, we can optimize by choosing
2dm = \=4/2 1o get
—d/2 .
[ (] A0

combining this with the trivial estimate )I'I’(/)(/\)‘ < ”‘P”Ll we get the desired
bound. ]
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3.24 Exercise (Uniform decay in Schrédinger)
In the case of solutions to Schrédinger’s equation, the above argument in
fact implies a uniform rate of decay. Prove this by following the following
outline:

Recall that a solution to Schrédinger’s equation has the respresentation
formula

(2n) [etermegiie) ae
s

P(t,x) =

[STW

R4
For t >0, let (&) = |&]* + # - &. Completing the square and doing a change
of variable, apply the estimate from Theorem 3.23 to conclude that

|p(t,2)| < C<t>_d/2”$a‘|wdfl’

where it is used that the Sobolev norm W®! is translation invariant.
This argument uses the specific form of the Schrodinger dispersion
relation, and does not easily generalize to other equations. ]

3.25 THEOREM (DECAY OF soLuTIONS TO KLEIN-GORDON)
Let 7(x) = (x). Then there exists a constant C depending only on the
dimension d such that for every ¢ € #(IR%),

1.6 (D] < €Yy .

Proor (SkercH) The proof is almost identical to the case of Schrédinger
equation; the difference is that the operator L should be defined as

fe a,@ .
r

Using that for k > 1 we have

r

‘yfu <r*l

r
and that (r)/r < max(2,2/r) we can estimate L(4)[(1 — Xm)P] with essentially
the same bounds. o
3.26 Remark

The rate A%? for Schrodinger is sharp. This can be seen by taking ¢ to be
the Gaussian and computing the limit

lim 121, 4 (A)

A—>0o0

explicitly, in the same manner as Example 3.19. ]
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3.27 Exercise (Point-wise decay for the wave equation)
Consider the integral

1) = | eMelp(g) de.
!
Prove that
)] < S|l e

Hint: Copy the proof of Theorem 3.23; why can we make m much more
negative in this case than before? [

As seen in the previous exercise, for any fixed x, the solutions to the
linear wave equation ¢(t,x) decays like t or better. However, unlike the
case of Schrodinger’s equation, this decay is not spatially uniform. In fact,
the best we can prove is that sup, s ‘(j)(t,x)( < t+7(@=1)/2 "We return to this
in the next section.

Estimates of the fundamental solutions

Another way to approach the decay phenomenon for dispersive equations

is to look at the corresponding fundamental solutions GE‘*) defined in Theo-
rem 2.50. There are several advantages to the argument using oscillatory
integrals of first kind to study the solutions: for one, it is possible, in prin-
ciple, to compute the asymptotic series for I, 4(1) in inverse powers of A.
This gives rather precise information about the asymptotic behavior of the
solutions based on the Fourier representation of the initial data. There are,
however, also disadvantages. First, the estimates proven are not obviously
uniform in the spatial variables x: for the Schrodinger equation it is true
by Exercise 3.24; however, as we already saw between Exercise 3.27 and
The Schridinger case depended  Remark 3.15, the uniformity is not true for the wave equation. Secondly,
on the observation that “a a1 q more importantly, the estimates proven in this form provide bounds
boosted parabola is just another . . o
parabola’. of the solution by norms of the Fourier transform of the initial data. For
various reasons (for example, iteration arguments for solving nonlinear
problems) one would hope to provide bounds by norms of the physical space
representation of the initial data. In this section we tackle some of these
estimates for our archetype equations.

Let us start with the Schrodinger equation; we start here because it is
the simplest case and can be used to illustrate many of the main ideas. We
will give two separate proofs of the dispersive decay for the Schrodinger
equation: the first, using complex analytic ideas, proceeds by establishing
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an explicit formula for the kernel GESCh). The requisite estimates can then
be simply read off from the formula. This method however is not easily
generalized, as the fundamental solutions for many equations (such as the
Klein-Gordon equation) do not have known explicit formulas. The second,
more real-variables based, method is less explicit, and the constants derived
in the estimates are consequently worse. But it has the advantage of easily
carrying over to different dispersive equations. This second method will
form the basis of our analyses of the other basic equations.
What we are interested in is control of the integral operator

Bolx) > bt x) & (2%),1 ﬂ (€ b () dy dig

R xIR4

acting on ¢ € F(R?). We formally identify

G(Sch) _ 1 f eit|§|2+ix-f, de
' (2m)
IRd

in the sense of distributions. Now let x,, € & be any sequence of functions

that converges (uniformly on compact sets) to the constant function 1. Then
we can check that, for an fixed t, the sequence of tempered distributions

g2
e (&)
converges to ¢’ Indeed, given ¢ € &, we can let

A= sup (&) ().

EeR?
Then given € > 0 we can choose R > 0 such that
A €
J |¢(5)| d¢ < J‘ W dé < EA-
[€]=R [€1=R
Next, observe that
A
1= xa(E)l|p(8)] dE < supll =gl - | oorr dE.
I€]<r (&)
|€]<R R4
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Ref. 3.19: “Leading order
asymptotic for 1d Schrodinger”

By the uniform convergence on compact sets, we have that for all sufficiently
large n,

[ n-r@ee] de < Sa.
[£]<R

and this shows that the difference e”'az(l — xn(&)) tends to zero in the sense
of distributions. This approximation procedure is the first step in both of
the methods that we will present.

The first method can be summarized in the following theorem.

3.28 THEOREM (EXPLICIT FORMULA FOR GiSCH))
For t # 0, the tempered distribution
(Sch) eisgn(t)d?‘(/4

Gl _ IO
(47lt])4/2 n

Proor We obtain the claimed expression by studying the limit

Jeiﬂa%i»:e—aaz de.

R4

li
eli% (Zﬂ)d

. 2 .
Noticing that as € — 0, e~¢¥I" — 1 uniformly on compact sets, by our

argument before the limiting distribution given by the expression above is
h . . .

G(tSC ), using that the Fourier transform sends %’ — %”’. The computation

of this limit proceeds largely along the same lines as the argument in

Example 3.19. Completing the square
1
2a?

where a € C is given by re’® with 6 € (-11/4,7t/4) and a® = € - 2it (which

€ ..o . R PV B | 2
—(5—”)|<§| +ix-&= 2(“5 ax) (al ax) |x|

1
implies r = (€% + 4t?)1). So by contour integration again we get

—id6
1 Je”l‘flz”"f T =
(27z)d (zn)d/z .rd
R4
Now, as we take the limit € — 0, we see that r — /2|t|, and 6 — —sgn(t)- .
This gives
isgn(t)dm/4 ;
R P P
(47ct])4/2
as claimed. m|
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3.29 COorROLLARY (UNIFORM DECAY FOR SCHRODINGER )
If ¢(t, x) solves Schrodinger’s equation with initial data ¢(0, x) = ¢po(x), then

1
)(p(t,x)) < W||¢0“L1' ]

Proor Using that ¢(t,x) = GgSCh) * po(x) by definition, we see that in the
convolution integral

Sch)

G o] = [ 6= oty | <

d

lol

by Holder’s inequality. O

This first method exhibits several properties that is typical of complex-
analytic arguments. First, the formula obtained is extremely explicit. Sec-
ond, as a result, the sharp constant is found for the uniform decay estimate
for Schrodinger equation. The main drawback to this method is that it
is not easily generalizable, as it relies on the specific form of the Fourier
transform of the Schrodinger kernel as an “imaginary Gaussian”. For ex-
ample, the same argument cannot be directly applied to obtain a closed
form representation of GiAer). Before giving the more-generally-applicable
second method, let us digress a little and talk about “scaling properties”.

Observe that the explicit formula for GiSCh) has a scaling homogeneity:

(Sch) 1 _(sch), x
Gy (x) = th 1 (ﬁ)
for t > 0. This is in accordance with the natural scaling of the equation.
If ¢(t,x) solve Schrodinger’s equation, then so does ¢ (t,x) = (j)(Azt, Ax).
Scaling properties can also be computed for the Airy and wave equations.
For the Airy equation, we see that if ¢(t,x) is a solution, then so is
qb(/\3 t, Ax). Therefore, if one were able to prove that G(IAHY) is a tempered
distribution represented by a uniformly bounded function (which we will
do in the sequel), then the scaling will imply immediately that solutions
to the Airy equation have uniform t~/3 decay. For the wave equation, we
see that if ¢(t,x) is a solution, then so is ¢(At, Ax). Again, if G(lwave) were
bounded, the scaling would imply that solutions to the wave equation
would decay like t¢. However, as we have already seen previously, the
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decay rate for the wave equation should be no better than t~(*~1/2_ And in-
deed, the fundamental solution to the wave equation cannot be represented
as a bounded function.

The Klein-Gordon equation, on the other hand, does not have good scal-
ing properties, due to the presence of the mass term. This complication will
be reflected in the relative difficulty when we try to control its fundamental
solution.

Now let us consider the second method of obtaining dispersive estimates

for G5

that G(18ch) can be represented by a bounded function. We will show directly
that

3.30 THEOREM
There exists a constant C depending on the dimension d such that solutions
of of Schrodinger’s equation with initial data ¢ in & satisfies the uniform

estimate
[¢(1, )] < Cl o] .- "

. As discussed above, by scaling homogeneity it suffices to prove

Proor By our approximation procedure above, it suffices to show that

eI oy, (€) AE dy
RYxIR?
is bounded with the bound being uniform in x and n, where x, — 1 uni-

formly on compact sets. We build our x, as follows. Fix y a smooth
monotonic function on the real line such that y(x) = 1 when x < 1 and

¥(x) = 0 when x > 2. Let 0y(x,9,&) = )/((25 —(y—x) ), and for k > 1 let

on(xy,&) =y (27*28 - (v-x)]) -y (2" 28 - @ -x)]).

Let us write #(x,y,&) = 1€ + (x—v)-&. Observe that } 77, ox(x,,&) = 1.
We estimate separately the pieces

J‘ei”("'y"g)(rk(x, y,&) dé.

R4
Using that for x, y fixed, the support in £ of oy is a ball of radius 1, we have
that

f 038 gy (x,9,€) dE| < 1.

d
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Next, observe that since
vy =28~ (y—x)
on the support of oy, we have that
‘V(é),ﬂ > k-1, |V(€)V(§),7| <2, V(S)v(é)v(é)ﬂ - 0.

This implies that
V4 V(é) B
(V¥) T e, (3.31)

Now, let L be the linear operator Lf = V(). (fV(é)q/|V('5)17|2), we have
that

fei”ok de = de+1(ak)ei” de.

R R
By the estimate (3.31), we can bound pointwise

d+1
|Ld+l(o.k)| < i Z 27k€‘(v(5))a O’k|.
(=0 |a|=d+1-€

From the scaling property of oy, we have that pointwise
|(V(‘5))a(7k| < 2 klal,

so we conclude that
'LdJrl (O'k)' < 27k(d+1)’

with the constant independent of x,y and k. Integrating we obtain

jei”crk dé < J|Ld+1(ak)) de <27k
d R4
This sequence being absolutely summable we get the desired result. O

3.32 Remark
Very roughly speaking, what we proved in the previous two theorems is

that the integral
jei|€|2+ix-é de
R4
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is “uniformly bounded”. Of course, the integrand being something of norm
1 at every & means that the integral is far from converging, and that the
boundedness only really makes sense in a distributional sense. The key
factor driving the boundedness here is the fact that the phase function
n(&) = |E|2 +x - & not only grows as & — oo, but also has the property that
|V17| /" o as |&] /" 0. One should think of this as one of the key ideas
behind oscillatory integrals: high oscillation implies small integrals.
Consider the Fourier transform applied to the function

f(x):{l x| <1

0 |x|>1

defined on the real line. We can understand the decay of the Fourier
coefficients as follows: looking at

1
Je_i"‘sf(x) dx = Je_i"‘(’ dx
-1

R

we see that the integrand is an oscillating function on the interval [-1,1].
Noticing that integrating over a period, which for e=*¢ would be for x over
an interval [xg, xo+ 2—”] the integral evaluates to zero. And so the “non-zero”

contributions to f ¢'*¢ dx only comes from the boundary region near the
points {+1} of thlckness no more than /&, where the integral cannot be
paired up into a complete period. And from this argument already we see
the decay estimate

[7ie)| s

Returning to the case Jle plléP+ine d¢, the growth of the phase function

as £ tends to infinity means that for larger and larger &, the integral is better

and better at oscillatory cancellations, so even though ¢€” has norm 1,

when integrated against a function that has some regularity (say, Schwartz

class), the contribution from ¢ far away from the origin is relatively small.

Ref. 3.6: “Arbitrarily fast decay  Thyis is nothing more than just applying Lemma 3.6 after localizing in & to

rom method of non-stationar . .
f f phas;, regions where we can control the size of V. [ ]

Let us next consider the Airy equation. Using that the function #(&) =
—&3 4+ x& has uniform lower bound |17”’(5)} = 6 we have that, if x,, is a cut-off
function supported on [-n—1,n+ 1], with x,, =1 on [-n,#], and such that
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X is monotonic on [-n—1,—n] and [n,n + 1], we have the uniform bound

by Lemma 3.11 that
; 20
xne'ldE| < =
IRJ ' %

and thus we have that G(lAirY) can be represented by a bounded function A.
Using similar ideas to that used to prove Theorem 3.30, we can get a bit
more about the behavior of the function A.

3.33 THEOREM

The bounded function A : R — C representing G(lAirY)

satisfies:
* A(x) decays faster than any polynomial of x as x — —co.

o A(x) < (x) V4 n

Proor Let x, be defined as in the paragraph before the statement of the

theorem. Let’s treat the first case, where x < —1. There we have that
n'(&) = —3&2 4 x < x. This implies that the derivatives 'V(k)ﬁl <k |x|+(§2
and so are integrable. Writing L(f) = —V(f/#’) we can integrate by parts N
times to get

fef”xn dé = fLN(xmi" de.
R R

Now,

12|l oo
LN ()| < (] + £V

by the above computations, which implies

“LN()(n)”L1 <N ||X|;1C|||+g’w

Noticing that ||x,|lw~.~ can be taken to be independent of n, after taking
n — oo we prove the first assertion.

For the second assertion, it suffices to look at the case x > 1. Let & =
Vx/6. Split the integral

=& &

jei”xn dé = J+J+jei’7xn dé.

R -0 =& &
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For the first and third pieces, observe that when |£| > &, we have

[n”(&)| = 16&] > \f6lx].
Ref. 3.10: “Van der Corput: SO by Lemma 3.10 we have that

stationary case, k = 2”
(o] 1

in d 1 \*
<|—1 .
Je Xn (E _(6|X|) 91

[

where we used that E:UCM d& =1 by construction.
For the middle piece, observe that when |£| < £y we have

n'(&)|=|-3&%+x| > %|x|.

So by Lemma 3.8 we have, for all n > &, that
Ref. 3.8: “Van der Corput:

non-stationary case &o

, 6
je’”xn déf < —.
|x]
o

Putting these together we get the desired estimate. m]

3.34 Remark

As we saw in Theorem 3.28, the norm |G 1

= @y is independent of

spatial position. On the other hand, we have just proven that the Airy kernel
(Airy)
Gy

(Sch)
1

has spatial decay. The spatial decay in this situation arises from the
fact that when x > 1, due to the cubic growth of the phase function, the
critical point of the phase function 7(&) occurs where "’ ~ y/x. Compare
this with the Schrodinger case where the critical point occurs where 1" = 2.

The rapid decay of GgAer) in the positive x axis should be viewed against
the classical analogue of the Airy equation. Recalling that the dispersion
relation in this case is w(k) = k3, the classical “kinetic theory” analogue of
the Airy equation is the equation

dip+v209p =0

for the distribution function p over the classical phase space R x R%. The
solution to this classical equation has explicit form

p(t,x,v) =p(0,x — tvz,v),
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which indicates that all “particles” move “to the right”. The classical
analogue of G(lAer) would in fact vanish for the entirety of the left half
line. The rapid decay of the Airy kernel on the left half line is the typical
exponential decay one expects from quantum tunneling into the classically
forbidden region. ]

Next, let us look at the wave equation. As mentioned earlier, we do

not expect G(lwave) to be represented by a bounded function, which has as

a consequence that convolving against the fundamental solution will not
represent a bounded mapping from L' to L®.

3.35 PROPOSITION (ESTIMATE FOR TRUNCATED WAVE KERNEL)
Let d > 2. Suppose x( is a smooth function with support contained within
the annulus with inner radius r; and outer radius r,, then

j GMEE L (5) de| < 2,

d

where the constant depends on up to d — 1 derivatives of x(, the dimension
d, and the numbers rq,75. [ |

Proor Let wg € $4-1 pe the direction of the vector x; when x = 0 we choose
wy arbitrarily. Let P be the orthogonal hyperplane to wy. We write the
integral

J-eit\éh—ix-éxo(é) d& = ‘I‘feit|swo+C|+is(x-(u0)X0(Swo + C) dc ds,
R P

R4

where & € R? is decomposed into a sum of € P and swy. Now let 1, be
a smooth monotonic function on R such that ¢;(x) = 1 when x <1 and
¥1(x) = 0 when x > 2. Denote by ¥, (x) = ¢1(\/Tx). We split the integral
into

[J ettsnseeisteen s + crnticy e as

RxP

n H eitlsworCltistewo) v (5000 + 0)[1 =y (IC])] T ds.

RxP
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Using that x is supported on the annulus, and that 1); is supported in a
region of radius t~!/2 around the wj axis, we have that the first integral is
bounded by < g(d=1)/2,

For the second integral, let r denote the radial variable on P; then on
the support of 1 — ¢; we have that the radial derivative d, on P is a smooth
vector field. Using that |[swq + C| = Vs2 + 12, we have that the derivative of
the phase satisfies

rt
V2412

Hence writing the operator Lf = —d,(f Vs2 + r%/r) we have

9, (tlswg + C| +s(x - wp)) =

H eit|5w0+C|+i5(x'w0)X0(sa)0 +0)[1-9(IC])] dC ds

xP

< td% ﬂ)Ld‘l[xO(l —,)]| dC ds.

RxP

Now using that Vs? +r2, on supp xo, is a bounded function with bounded
derivatives, and using that supp Vi, is contained in a set of volume <
+~d-1/2 e conclude that

[t acass sup

1— T
BxP supp(1-1)

where the constant depends on the norms of up to d —1 derivatives of i,

and x,, but not at ¢ or x. Using that r > % on the support of 1 —1;, we

finally arrive at that the second integral is also bounded by < t~(4~1/2, ¢

3.36 Remark

In our proof of Proposition 3.35 we used the radial vectorfield orthogonal
to x to capture the non-stationary phase behaviour. Observe that this vector
field is almost tangent to the unit sphere near the axis given by the direction
of x, while the vector field is almost orthogonal to the unit sphere “on the
equator”. It turns out that only the direction near the axis is crucial. When
t = |x|, the phase function is constant along a ray in the direction —x, and to
apply the method of (non)stationary phase we have to use vector fields that
are orthogonal to the ray, in order to pick up the correct amount of decay.
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(The basic idea behind stationary phase is that the observation that
on the real line, if f/” > 1 and f’(0) = 0, then we have that |f’(x)| > |x|.
This we already saw in our discussion of the Van der Corput Lemma 3.10.
For higher dimensional cases, the analogue is that for convex functions,
the radial derivatives grow at least linearly from the critical point. Note
however that non-radial derivatives can remain small!)

For points that are far from the problematic ray, one easily checks that
all derivatives of the phase function have the appropriate lower bounds.
This implies that instead of the radial vector field orthogonal to x, another
good vector field to consider is one that is tangent to the spheres, and runs
between the two poles. If one were to use this vector field, one can upgrade
Proposition 3.35 to a statement about integrals of measures supported on
spheres. ]

3.37 Exercise (Decay of Fourier transform of spherical measure)
Let wy € $7 be fixed. Prove that

Jeirwo-w do| < r*d/Z'

d

(Hint: decompose $¢ into three portions, S, near the north pole w, S_ near
the south pole —wg, and S the rest. On S, use volume estimates. On S,
integrate by parts against the unit-length vector field in the direction of the
longitude lines. To implement this it may help to rewrite things using the
polar coordinates where G4 ~ [0, 7] x Gd-1 5 (0, w’); from this we get that
the desired vector field is simply dy.) ]

3.38 Exercise (Higher decay of Fourier transform of spherical measure)
Let wy € $¢ be fixed. Let ¢, : $¢ — C be smooth functions supported on

{wg - w> —%} and {wg-w < %} respetively. Prove that

alrc [eiir Jeirmom(pi(w) dol|| < Fd/2-k
gd
(Hint: (8,@‘”””"0‘“’| =|lwg-w-1]=1-cosO < %62 where 0 is defined as in
the previous exercise.) [ ]

3.39 COROLLARY (FREQUENCY-RESTRICTED DECAY FOR WAVE)
Let 0 <r; <1, and d > 2. Then there exists a constant C such that for every

$o € F(R?) such that suppa)g is contained in the annulus of inner radius
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r1 and other radius r,, we have the estimates

|Gﬁwave) * ‘Po(x)‘ < C|t|_(d_l)/2”‘i’OHL1 ;

1617« o] < U2 go] - -

Proor We demonstrate the case for Ggwave) ; the case for BtGiwave) is analo-
gous. We have by definition
Giwave)* (Po(x) _
1 1 . . ) . —
ol | g lexptiel + ix- € - exp(eitiel 4 ix- £ (e) de.
R4

The integral is well-defined by the support condition on :i)\o. Now let ¢
be a smooth function supported on the annulus of inner radius 1r; and
outer radius 2r,, and equals 1 identically on the annulus of inner radius
r; and outer radius r,. Then we have that )265 = ?{)\0. So using the Fourier
inversion formula we can write

eltehtive 1 €] ilx-p)-€
[ mras= ot [ i@ ay ac,

R4 R4 xIR?

where xo(&) = £/|&| is smooth and supported in some annulus. Switching

Ref. 3.35: “Estimate for wave the orcller of integration (since eyerythlng .converges),. we see that .the in-
kernel restricted to an annulus”  tegral in & can be estimated uniformly using Proposition 3.35, with the
constant depending only on x, (which we chose to be universal for the

fixed r; and r;), d, and r; and r,. The Corollary follows. O

We have shown that solutions to the linear wave equation, with initial
data having Fourier support bounded away from both o and oo, decay like
|t|_(d_1)/ 2 uniformly when the initial data is measured in L. However, the
constant can yet depend on the radii of the Fourier support. The following
captures the radii dependence.

3.40 COROLLARY
Let d > 2, then there exists a universal constant C such that for every

P € F(R?) such that supp% is contained in the annulus of inner radius
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2k=1 and outer radius 2¥*!, we have the estimates

6 o] < C20 202 g

|atG§ane) *¢O(x)| < Czk(d+1)/2|t|_(d_1)/2H<Po||L1- -

Proor The proof is based on the scaling homogeneity of the wave equation.
Let ¢y (x) =27 kd(l’ (27 x) then we havei|(l)kHL1 = ”({)OﬁU By Proposition 2.7 Ref. 2.7: “Fourier transform

we have ¢ (&) = ¢o(25&) now has support on the annulus of inner radius 1 P"JS“;“;S scaling, translation,
moaulation

and outer radlus 2. So for some universal constant we have that
(wave) —(d-1)/2
|G« )] < I 2o,

On the other hand, we have that

Sln(t|5|) 1x(§ Jsin(Zkt|2k(f‘) ik y.okg=— 2k d
f B de = [ e gy >2kd 3

R4 R4

So we have that

1 -
S Gty bo(27x) = G e g

or, as claimed,

Gl(‘ane) % (PO(X) < C|t|—(d—1)/227k(d*1)/2zk(dfl)||¢O“Ll .

The case for d; G 1s analogous, except that due to its Fourier repre-
sentation not havmg the g term, the scaling reveals one extra factor of 2%

in the estimates. O

The above estimates only apply to functions with Fourier support con-
tained on an annulus. To get an estimate that applies to all Schwartz
functions, we have to introduce the notion of Littlewood-Paley projectors
and the notion of Besov spaces.

3.41 DEFINITION (STANDARD LITTLEWOOD-PALEY PROJECTORS)

Let ¢ : R? —[0,1] be a smooth function with compact support, such that
supp ) is contained in the ball of radius 2 around the origin, and that
1 = 1 on the ball of radius 1 around the origin. The Littlewood-Paley
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Projectors based on ¢ is the family of operators {A;} indexed by k € Z,
where Ay : L2(R%) — L%(R?) is given by
M) = F (2 ) (2! o) f (o))

We will also have occasion to make use of the partially summed projectors

k
A(F)E ) Aelf)=F p2Fe)f (o).
{=—c0

3.42 (Basic properties of Littlewood-Paley projectors) Observe that for-
mally the sum ) ; Ay is telescoping, and therefore we have that for any
f € L? (and hence also for any f € ),

ZAkf =f.
keZ

The individual functions A f has, by construction, Fourier support on the
annulus with inner radius 25~! and outer radius 25*!, ane hence by the
Paley-Wiener theorem (see Exercise 2.11) are real analytic. The projectors
are also almost orthogonal:

AjArf = 0 whenever |[j —k| > 1,
and they are almost idempotent

k+1

Z AjAg = Ay

j=k-1
By Plancherel (Proposition 2.23), and the almost orthogonality, we have
Y A <IFIZ <3 ) NIACAI-
kez keZ
And we have the pointwise comparison for derivatives: Notice that if we

write xi(x) = Wg_l[l,b(fké) - ¢(21_k§)], we have that Apf = xp = f.

This implies that dA; f = (dxx)* f and hence

k+1

|0Af] < C2 Z Aif|.

j=k-1

Further properties of the Littlewood-Paley projectors will be introduced as
they are needed. 1

© Willie Wai-Yeung Wong 8 2



Lecture Notes given at Michigan State University Refs. 3.44-3.47

3.43 Remark
Using the language of the Littlewood-Paley projectors, we can rewrite
Corollary 3.40 as the statements

|Ak Gﬁwave) < 2k(d—1)/2|t|—(d—1)/2;
'AkatGgwave) < 2k(d+1)/2|t|—(d—1)/2_ -
3.44 DEFINITION (BESOV SPACES)
The homogeneous Besov (semi-)norm B;’p on & is defined by
1
q
1f g2 déf[ZZSkq”Akf”zp} :
kez
The corresponding inhomogeneous norm is
1
s q
gz = [1A<ofllf + ) 2 IIALAIIL, | -
k=1 ]

3.45 Exercise

Using Plancherel, show that for k an integer, the homogeneous norms ég’z

and Wk2 are equivalent, and that the inhomogeneous norms B];’z and Wk?2

are also equivalent. (Recall that two (semi-)norms A, A’ are said to be
equivalent if there exists a universal constant C such that

CTHIAllA < flla < Clifllg
forall f.) [

With the above definitions, we can summarize the decay estimate for
the solutions to wave equations in the following theorem.

3.46 THEOREM (DECAY ESTIMATE FOR WAVE )

Let ¢(t, x) solve the linear wave equation, with initial data ¢(0,x) = ¢¢(x)
and d;¢(0,x) = ¢1(x) both in &. Then there exists a universal constant C
depending only on the dimension d such that

(2,0 <l ||¢o)1ég,l+)1¢1llgf%l : .
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3.47 Remark
One can prove that Bllc’1 c Wk simply write

Wllea = |3 Acf| 0 < D IAAUGsr =Y Y 10" Acfllyr.

(eZ |a|=k

By the pointwise comparison we have

<) Ui Nl = 11fllga.

leZ

So the decay estimate morally is asking for not simply L! integrabiliy of
the initial data, but rather also differentiability up to order (d —1)/2. This
resonates with our earlier discussion which asserts that the fundamental

solution of the wave equation cannot be written in the form of a bounded

function. Instead, the fundamental solution G(twave) is a bona fide tempered

distribution.

Notice, however, that the estimate only requires (d — 1)/2 derivatives.
Compare this to Sobolev embedding results where to get from a space of
the form W1 to L™ we need d derivatives overall. The ability to beat the
Sobolev embedding result is a mark of dispersion.

Comparing to the Schrodinger and Airy cases, where the estimates do
not require any derivatives, we see that the main difference in the wave
case is that the gradient of the phase function (V;ﬂ remains bounded for
large &. For Schrodinger and Airy it but grows unboundedly. This directly
contributes to needing to assume that % decays as & — oo for the wave case,
and as weights in frequency space equates to regularity in physical space,
this shows that the regularity control is necessary. In the Schrodinger and
Airy cases we get additional cancellations for large & from the increasingly
faster oscillation, and thus additional weights are not needed in frequency
space. ]

We will close this chapter with a discussion of the decay estimates
for the Klein-Gordon equation. The Klein-Gordon dispersion relation is
not homogeneous, unlike the model cases of Schrodinger, Airy, and wave
equations, and so we don’t have a scaling argument handy. We can catch
a few glimpses into the expected behaviors, however, by comparing the
dispersion relation #(&) = (£) with the other cases that we have already
dealt with.

First, notice that |V17| =|&/{&)| <1 for all £. This means that there are
no oscillatory cancellations to use near & — oo, and so any estimate that we
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prove we will expect to need some suitable number of derivatives, similar
to the wave equation case.
On the other hand, computing the Hessian yields
) 0 &g 1

iTEE e T @R
By Cauchy-Schwarz, the Hessian matrix is positive definite, and is bounded
below by (é)’36,-j. This suggests that we don’t have the same sort of degen-
eracy worries that we saw for the wave equation, and that we will be able
to prove estimates giving 472 decay.

We will approach the estimates similar to how we dealt with the wave

equation case: instead of estimating directly GEKG), we will estimate the

. KG . . .
truncated version Ay Gi ) Unlike the wave case, however, since our disper-
. . . . KG
sion relation is non-homogeneous, we will only estimate Ay G(t ) fork>1,
. . . . KG
and in the low-frequency setting we will do one estimate for A G(t ) We
summarize the results in the following theorem.

(8ij(1+&-8)-&&;).

3.48 THEOREM (KLEIN-GORDON DECAY ESTIMATE )
The Klein-Gordon kernel has low frequency decay

G -
A<oG | < iy
and high frequency decay for k > 1

|AkG§KG’| < 2%,

Proor We need to provide estimates for

L i(E)+x-& d
f@e x(&)dé
R4

where x is either the low frequency projector ¢ or the high frequency
projector ¥(27K&) — (217%&). For convenience we will assume that we
have chosen our seed function ¥ to be radially symmetric. Without loss
of generality we can assume w = x/|x| points in the x! direction. We will
write, as usual, #(&) = t() + x - & the phase function. Observe that for a
fixed t, x, the critical point of the phase function occurs when

V) =t bx=0 = =L, (3.49)
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Let us deal first with the case where x is the low frequency projector.
The estimate for |t| <1 is trivial. We focus our attention to the case of large
times. Recall that within the support of x, we have |£| < 2, which implies
that the ratio |£/(&)| < 2/v/5 < 1. So in the region |x| > t, we have that
|V17(£)| > (1-2/v5)t, and noting that higher derivatives of 1 are independent
of x we conclude that by the same argument as Lemma 3.6 we get the
uniform in x bound by Cn(t)™N for any N.

In the region |x| < t, we have to deal with critical points. Let £y denote
the unique solution to (3.49). Using our bump function ¢ we can split the
integral into

in X(&) in X(&
f e ¢(\/E(E—£o))d5+J ”@ [1-p(ViE - &) de.

The first integral as usual we estimate by the volume < t=4/2_ For the second

integral, after integrating by parts we see that it suffices to control

U o (1 -y - o)) dé’

where

Lf =-V

IV'7|2

Where the integrand is supported, using the uniform lower bound of the
Hesslan |V217) 2 1 on the support of x, we can conclude that |V17| >Vt

Next, note that we have uniform bounds on higher derivatives of Vy/ |V17|.

Finally, we have the uniform bound that |V(k)¢((5 - éo)ﬁ)l < |1‘|k/2 but also

that supp Vi) has volume bounded by |t|=2. So putting everything together

we also have uniform estimates for the second integral by t~%/2, as needed.
Next we treat the higher frequency case where || ~ 2F. We can re-write
the integral in polar coordinates as

ff%eit(r>eir|x|wo-mx(’,)rd—l dew dr
0 Sd—l

where x is the projection to frequency ~ 2. Doing a rescaling, we have
that, if we take x to be instead the projection to frequency = 2, equivalently
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we need to control the integral

4
zkdf j (21 )eit(Zkr)eiZkr|x|w0-wX(r)rd—l dew dr.
T
1 gd-1

In view of Exercise 3.38, we can choose ¢, : 841 — [0,1] supported on
{wg - w> —%} and {wg - w < %} respectively, such that ¢, + ¢_ = 1. It suffices
to consider

d-1

4
ok ok o r
](X, t) — 2de J elt<2 1’)612 r|x|wg-a X(r)(i)-*—(w)m dw dr. (350)
1 Sd—l

Denote by I(r) the spherical integral
I(r) % g2l J 2@ () do
Gd-1

we have that (3.50) can be rewritten as

- d-1
J(x,t) = 2kdfeif<2kr>-i2krlx|1(r)x(r) " ar (3.51)
1

(2kr)

Note that I(r) satisfies, by Exercise 3.38,
|8€I(r)| < |X|_(d_1)/22_k(d_l)/2.

On the other hand, by taking the derivatives directly under the integral
sign we also have
|971(n)] < 2%’

The two together implies that
|of1(r)| < 1.

To estimate (3.50), we write #(r) = t(2kry — 2kr|x|. Observe that n =

2k (é’;;t— |x|); son’(r)=0 = |x|/t € [1/¥/2,1]. We consider two different

cases. First, suppose |x|/t ¢ [1/2,2]. Then ' 2 2K(t +|x|) for some universal
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constant. Using that the higher derivatives of # are independent of x, we

have the bounds
2kd—k

[J(x, 1) < m

for all ¢, we in particular have the desired decay result.
For |x|/t € [1/2,2], observe that n”(r) = %t > 27%t. So we can apply
Lemma 3.10 and get

U (x,)] < 2822712 | r 2125 e (00| 1o
< 2kd2k/2t—1/2|x|—(d—l)/22—k(d—1)/22—k_

Simplifying, we have exactly
(e, 1) 5 25024742

as desired. m|

3.52 Remark

Notice that in the final paragraph of the proof above, when considering the
case |x|/t € [1/2,2], we have additional smoothing in the case 2¥|x| < 1. In
this case another available estimate is simply that

d-1
<27k,

~

ei’lI(r))((r)<r2kr>

Therefore we have

|](x, t)l S 2kd2—k S 2k(d/2_1)t_d/2

using that 2542 < |x|7%/2 ~ t~4/2_ This agrees with the discussion before the
statement of the theorem. In the lower frequency regime 2X < |x|”!, the
solution behaves more similar to the Schrodinger case where we have good
smoothing effects. This, however, is cancelled out by the higher frequency
regime 2% > |x|! where the wave-like effects dominate and we need the full
d/2 derivatives in the estimate. [ ]
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Chapter 4

Interpolation Theory: a
Sampling

In Chapter 2 we saw that the Fourier transform & functions as a linear
operator

L'(RY) — L®(R?)

L*(RY) - L}(R?)

-

-

It is natural to ask: does the Fourier transform extend to mappings defined
on LP(R?) for p between 1 and 2? And if so, what are the corresponding
co-domains? One way of addressing this problem is through Interpolation
Theory, a sample of which we will present in this chapter. The theory is
not only applicable to understanding the Fourier transform; it also is an

important tool in the modern proofs of Strichartz estimates, which is one
of the fundamental dispersive estimates.

What is interpolation theory

Interpolation theory describes the family of results of the following proto-
typical form.

4.1 Given some normed linear spaces X, X1, Yy, Y;. Then one can find
some normed spaces X, Y (where X is thought of as “between” X, and X;

89

For more detailed discussion
and a far more complete
account, see Bergh and
Lofstrom, Interpolation
spaces. An introduction.
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and Y is between Y, and Y;) such that whenever T acts as a bounded linear
operator Xy — Yj and also X; — Y7, then T also acts as a bounded linear
operator X — Y with the norm ||T||x_,y controlled uniformly by its norms
XO_)YO anXmeYl. (]I

4.2 Remark

Pay attention to the order of quantifiers! The spaces X and Y are in-
dependent of the linear operator T: interpolation theory is less about
“understanding how an operator behaves on an intermediate space” but
more about “how to define intermediate spaces on which operators behave
predictably”. [ ]

So what is meant for a space X to be between X, and X;? Suppose
that X and X; are vector subspaces of some larger vector spaces (for our
purposes, the larger vector space can usually be taken to be &, the space
of tempered distributions). Then two natural spaces can be constructed:
first is the intersection

XO N Xl;

the second is the sum
Xo+X; = {xe P |Axg € X, x1 € X; s.t.x =X +x1 ).
Now, suppose that Xy and X; are equipped with norms |||, and [|e|x,
respectively. Then on Xy N X; we can impose the norm
lxllxyrx, = max((lxllx,, lI*llx, ). (43)
while on X + X; we can put the norm

def .
ey, 2 N lixoll, + sl (4.4)

where the infimum is taken over all decompositions x = xy + x; where
xo € Xp and x; € X;. These two norms have the nice property that for
i € {0, 1}, the natural injections

XO ﬂXl —>XZ' —)XO +X1 (45)

are all continuous.

4.6 Exercise
Check that (4.3) and (4.4) do define norms, and check that the maps in (4.5)
are indeed continuous. [
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When we say that a normed space X is an intermediate space between
Xy and X;, what is meant is that X can be identified as a vector subspace
of X+ X; satisfying Xy N X; C X, and is equipped with a norm |||y such
that the injections

XO ﬂXl —)X —)XO +X1
are both continuous.

4.7 CONVENTION
Throughout this chapter, when we speak of the measure space (E, %, ), we
always assume that y is o-finite. [ ]

4.8 Example
Let (E, X, u) be any measure space, and let wy, w; be two positive real mea-

surable functions on E. Consider the spaces X, the weighted L! spaces
with norm

1, = [ 171wy de
E

Then we see that f € XyNX if and only if both ||f||XO and ||f||Xl are bounded.
This implies that

f|f|max<wo,w1> dpi < oo (4.0)
E

since max(wg, wy) < wg + wy. Conversely, if f is such that (4.9) holds, then
necessarily “f”XO and ||f||X1 are bounded. The norm defined by (4.9) is
equivalent to the norm max(||f|lx,.|Ifllx, ), for

max(If ) < [ f1max(uo, )
E

< [ 11000 + 1) e < 2max(ifl I, )
E

For f to be in X+ X7, we need to be able to write f = fy+ f; with f; € X;.
This implies that

[1minuo,wr) ap <o (4.10)
E
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since

jm min(wo,w,) dj < J(Ifol +1ful) min(w, w;)Dy
E E

< [ hwo dp+ [ Vit de < Uflly, + 1l
E E

Conversely, we also have if (4.10) holds, defining f; = f - 1{y,<w,} and
fi = f - Yjw,<w,) we have f = fo + f; and

[ 1w du= [ fimingeo,wn) dp< [ifiminguo,wndp
E E E

using the disjoint support of f; and f;. Finally, observe that the norm
defined by (4.10) is exactly equal to the norm

inf + .
nt lfll, + fill,

For by our computations before we have demonstrated that whenever
fo+ fi = f, the inequality

[1minwo,wn) dp < Wl + Wil
E

which implies this norm is bounded above by ||f||X0+X1' On the other hand,
the computations surrounding (4.11) shows that there exists some f; € X;
and fy € X, with ||f1||X1 + ||f0||x0 < fE|f|min(w0,w1) dp, and so (4.11) gives
an alternative characterization of ||e||x ,x, in this set-up.

If we let w be any function on E that satisfies the pointwise bound

min(wg, w;) < w < max(wg, wy),

then clearly the space defined by the norm

Ifllx = | Iflwdp
J

satisfies

f|f|min(wo,w1> dp<|flly < J|f| max(wo,wr) g
E E
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This shows, using the discussion above, that
XO ﬂX1 — X —)XO +X1
are continuous maps. And so X is an intermediate space of Xy and X;. m

4.12 Example

Let again (E,X, u) be a measure space. Consider the usual space of L?
functions on E. We will show that if py < p < py, then L? is an intermediate
space of LP0 and LP1. Notice that if p is between py and p;, there exists a
unique 0 € (0,1) such that

This can be re-written as

1 -1
_ Po P1
1‘((1—6>p) +(%) | (4.13)

Now, let f € LPo N LP1. Observe that

jw dp= flfl”(“")lfl”e dy
E E

Op

(1-9)
||f|”9||Lu =1flleo TR

op

<[lrr=|

|
L (1-6)p

where the inequality is an application of Holder’s inequality in view of
(4.13). This result, that ||f]|;, < ||f||i,709||f||?1,,1 , is usually referred to as the
log-convexity of the LP norms. By this inequality we have that LPo N LP1 — LP
continuously, since

1-6 0
I llzpo I IIEpr < max(fllzeo 1fllzer)-

Next, let f € LP be a nontrivial function. For an arbitrary A > 0, we
can let fo = f - 1yf>q) and fi = f - 1jjf<y)- Then we have that pointwise,

% . < |§ p, and | 4] < '§|p. This implies that f; € LP0 and f; € LP! while

fjl
fo+ fi = f. Therefore f € LPo + LP1. We can compute

1foll2s, = ﬁfowo dy < APo~P Jlfl” dy = PP fIE,
E E
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and similarly ||f, [P}, < AP17P||f|I7,. This implies

-2 2 -2 -

||f||LPO+LPl < ”fO”LPO + ||f1||LP1 <A ko ||f||£2 +An ||f||£zl7

So if we choose A =||f||;», we conclude that

Iflzposrer < 21f s

showing that the mapping LP — LP0 + LP1 is continuous. [

4.14 DEFINITION

Given Xy, X; and Yy, Y; normed spaces. We say that a pair (X, Y) interpolates
between the pairs (X, Yy) and (X;, Y7) if X is an intermediate space between
Xg and X;y; and Y is an intermediate space between Y, and Y;; such that
whenever T acts both as a bounded linear operator from X, — Y, and also
as a bounded linear operator from X; — Yj, then T acts as a bounded linear
operator from X — Y. [ |

4.15 Remark

Given the pairs (Xg, Yp) and (X3, Y7), then the pairs (Xy N Xy, YoNY;) and
(Xo + X1, Yy + Yq) are both interpolants. That they are pairs formed of
intermediate spaces are obvious. It remains to check the condition on
linear operators. Suppose that the operator norms ||T||x,_,y, = Mo and

ITllx, -y, =M.
For the intersection spaces, notice that
IT flly,y, = max(IT flly, ITflly,) < max(Mollfllg, Millflly, )
< max(Mo, My) max(||fllx,. lIfllx,) = max(Mo, Mi)If llx,nx, -

So we have that
ITllxonx, > vony, <max(Mo, My).

For the sum spaces, we have

T = inf +
I f||y0+y1 ngglwgl”gouyo lgilly,
< inf ||IT +||T < inf M +M
< inf ITflly, +IThlly, < inf Mollfll, + Mallfilly,
<max(Mo,My) inf lfll, + fil, = max(Mo, M)l
=fo+h

And so
1T (x4 %)= (Yo +vy) < max(Mo, My). n
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The idea behind interpolation theory is two-fold:

1. First, given the pairs (Xy, Yy) and (X, Y1), construct systematically
interpolating pairs (X, Y) in between.

2. Second, when the pairs (X, Yy) and (X4, Y;) belong to standard scales
of spaces (by this we mean that they are L? spaces, Sobolev spaces,
or Besov spaces, for example), identify the interpolant (X, Y) with
spaces from the standard scales (up to equivalent norms).

With these types of results available, once one proves that a linear operator
T acts continuously both on Xy — Yj and X; — Y7, one can automatically
conclude that T acts continuously on any interpolant X — Y.

In this chapter, we will give quick introductions to some of the general
theory that allows us to construct the interpolating pairs (X, Y) from given
space (Xp, Yy) and (Xj, Y7). The general techniques are split up into two
flavors: the “complex” and the “real” methods. The former appeals to
complex analytic tools in the construction; as we’ve already seen in some
of our discussion of Schrodinger’s equation, complex analytic tools tend
to give exact formulae and sharp estimates. The same holds true for the
complex method of interpolation. The latter appeals to real analytic, divide-
and-conquer type tools. We’ve also already seen this in our discussion of
oscillatory integrals: an integral of the form Jei"” ¢ dx is controlled by
splitting into regions “near” the critical points of #, where one use one
technique (volume estimate), and regions “far” from the critical points,
where one use another (repeated integration by parts). The real method
tends to give weaker bounds, but makes up for it by being more broadly
applicable. In the context of interpolation theory, this means that the
real method more easily generalizes to nonlinear (especially sublinear or
quasilinear) interpolation, and that it can sometimes recover interpolants
that cannot be found from the complex method.

As it turns out, these general theory for constructing the interpolating
pairs are fairly robust and well-developed, and their main ideas are not
that hard to understand. More technically challenging, however, is the
identification or computation of the interpolating spaces when the end-
points are well-known, standard spaces. We will summarize a collection of
such results in the sequel, as well as some of the well-known consequences
of interpolation theory, many of which will be useful for studying dispersive
equations.
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The Complex Method and Riesz-Thorin

A standard presentation of the  The complex method of interpolation is based on a particular manifestation
complex method is Calderdn, « . PR . . .

“Tntermediate spaces and of the “maximum modulus principle” in complex analysis, summarized in

interpolation, the complex  What is called the three lines lemma.

method”. 4.16 LEMma (THREE LiNEs LEMMa)

Let f be a bounded holomorphic function on the strip 0 < Rez < 1 which
extends continuously to its closure 0 < Rez < 1. Suppose further that

My =sup|f(it)] <o, My =sup|f(l+it)| <oo.
teR telR

Then for any 6 € (0,1) and any t € R we have

F(O+it)] < My~MY. n

Proor We may assume MyM; > 0 (else since f is holomorphic, it vanishes
identically). Let € > 0 be arbitrary and consider the function

—ez(1-z2)
=g
0 1

This function is holomorphic on the strip; furthermore, as Re(z — Z?) =
Rez—(Rez)?+(Imz)?, we see that as |Tmz| — oo the exponential weight forces
F.(z) to decay rapidly, and this decay is uniform in Rez since by assumption
f(z) is bounded. Therefore there exists A > 0 such that whenever |Imz| > A,
then |F.(z)| < 1. On the other hand, one easily checks that

—et?—iet £(;

R0 =
0 1

has norm bounded by 1, and similarly for F.(1+it). Applying the maximum
modulus principle to the rectangle {Rez € [0,1], Imz € [-A, 1]} we see that
|Fe(z)] <1 on the rectangle. Since outside the rectangle we known from
our construction that |F.(z)| < 1, we conclude that |F.(z)| < 1 for all z with
Rez € [0,1]. This implies

£ (0 +it)] < OO+ pf1-0 00

Since this holds for all € > 0, taking the limit € — 0 gives us the desired
result. ]
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4.17 (The Complex Method) For the discussion, we will assume all Ba-
nach spaces are defined over the scalars C. The complex method is based
on studying Banach-space valued holomorphic functions on the strip
0 < Rez < 1; the theory is largely the same (at least of what we need)
to the theory of C-valued holomorphic functions. For convenience we will
write in this section D = {0 < Rez< 1} and D = {0 < Rez < 1}.

Let X, X; be two Banach spaces. Denote by # (X, X;) the set of all
functions f : D— X + X1, that satisfies the conditions

1. f is bounded and continuous on D;
2. f is holomorphic on D;

3. the mapping R > t — f(it) is continuous into Xj, and converges to 0
as t — +o0;

4. the mapping R >t f(1 +it) is continuous into X;, and converges to
0 as t — +oo.

# (Xo,X1) is a vector space over C, we can make it a normed space with the
norm

I ll gz (x,,x,) = max(supll f (it)l|x,, supllf (1 +it)llx, ). (4.18)
teR telR

It turns out that #'(Xj, X; ) is complete with respect to this norm, making it
a Banach space; the proof is not difficult but slightly technical, so we omit
it here.

We define the following spaces of X, X, where 0 € (0,1) is a parameter.

Xjo) = (Xo, X1)jo) = (x € Xo+ X |3f € # (X0, X1) st f(0) =2} (4.19)
This space can be equipped with the norm
Il = infllf L x,) | f € 7 (X0, X1) sit. £(6) = ). (4.20)

We claim that X[g) is an intermediate space between X, and X;. First,
observe that by assumption f is a bounded map into X, + X4, so essentially
the same argument of Lemma 4.16 shows that

1-6 0
£ (6 +it)llx, x, < (Supllf(if)llxo+xl) (Supllf(1 +it)llx,4x,
telR telR
Using that by definition
I1f @Dllxgex, SIF@Dlx,  NF(U+iDlIx,x, SIF(T+i)lx, )
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we conclude that
(6 +it)llx,.x, <max(supllf(it)llx,,supllf(1+it)llx,) = 1fllzx,x,)
telR telR
By the definition of X[}, we see this means

Il ex, < Il¥llx,,

so that the mapping X[g] — X + X; is continuous.
Next, let x € Xq N X;. Consider the holomorphic function

f2)= =0
where € > 0 is any fixed constant. We see that since
Re(z—0)? = (Rez—0)% — (Imz)? <1 - (Imz)?,

we have that f is bounded and decays to zero uniformly as (Iimz) — +oo,
and hence f € Z'(Xy, X1). This test function shows that

Ixllx < 1fllzx, x,) = max(supllf (it)llx, supllf (1 +it)llx,)
[6] 0,41 0 0
telR telR
02 1-9)?
= max(e“? |Ixllx,, e« " |Ixllx, ) < e°llxllx,nx, -

This shows that X N X; — Xg) is continuous. And thus Xjg) is an interme-
diate space as claimed. 1

4.21 THEOREM (COMPLEX INTERPOLATION )

Let Xy, X, Yy, Y7 be Banach spaces. Let T : Xy + X; — Yy + Y; be a linear
mapping such that T restricts to continuous mappings Xy — Yy and X; —
Y} with norms My and M; respectively. Then for any 6 € (0, 1), the mapping
T : Xjg) — Y|g] is bounded with norm Mé’ng. (In other words, (X[g}, Y[o))
interpolates between (X, Yg) and (Xy, ¥7).) [

Proor It suffices to prove that, given x € X[g), we have Tx € Yio) and that
||Tx||Y[9] < Mé’eM?X[g]. Since x € X + X1, clearly Tx € Yy + Y7.

Now let € > 0 be arbitrary. By definition there exists f € # (X, X;) such
that f(0) = x and ||fllzx, x,) < [I*llx,, +¢. Consider g = MZMA(Tf)(2).
Since f is bounded in X; + X,, we have that g is bounded in Y; + Y, using
that T extends to a bounded linear operator X; + X, — Y; + Y, with norm
max(My, M — 1) (see Remark 4.15). Since f(it) and f(1 +it) are continuous
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into X and X, respectively and vanish as ¢t — oo, the boundedness of
T as linear operators X; — Y; implies that the same can be said of g(it)
and g(1 + it) as functions into Y and Y;. Hence we can conclude that
g € Z (Yp, Y1). This implies that g(0) = M{'M;%Tx € Yjg).

We can compute the norm ”g”%(Yo,Yn: by definition this is equal to

max(supllg(it)lly,,supllg(1 +it)lly,)
telR telR

< max(suplf (it)ly, supllf (1 +iDlly,) = Il (xox,
teR teR
So this implies that

0-13r-0
Mo~ Ml Txlly,, <118l vy, vy < Il (g, x,) < I¥llxp, + €

by our initial choice of f. However, since the above inequality holds for
every € > 0, we conclude that

1-0 7 70
”THX[Q]—)Y[Q] SZVIO Ml

as claimed. O

4.22 Remark

Theorem 4.21 highlights an important facet of the construction given in
Thought 4.17, namely that the intermediate spaces X[g) thus constructed
are “universal” as interpolation spaces. In general, however, the fact that
(X,Y) interpolates between (X, Yy) and (X;, Y7) does not mean that either
X and Y functions well for interpolating between other spaces; for example,
there is no guarantee that (X, X) in fact interpolates between (Xj, X() and
(X1, X4).

This also highlights one of the main points of interpolation theory, that
of finding systematic methods of constructing interpolants. This universal-
ity manifest as the fact that the procedure described in Thought 4.17 which
is applicable to essentially arbitrary pairs of Banach spaces (provided that
X + X1 makes sense) can be captured as a functor. ]

Having given a general method of constructing interpolants, it remains
to tackle the second goal of interpolation theory, that of identifying Xjg)
when X, and X; are well-known spaces. The results in this direction are
many; we give only the most basic and most classical of the results, and
describe some of its consequences.
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4.23 THEOREM (R1ESZ-THORIN)
Fix a measure space (E, X, y). Let po,p1 € [1,00], and 8 € (0,1). Setting p to

be given by
1 1-6 6
-+ —,
p Po P
then (LP0, LP1)[g) = LP with equal norms. [

Proor First we prove that if f : E — Cis in L, then f € (LP?, LP1)[g] with

U o oy < I -

Without loss of generality, we can assume ||f||;, = 1. Let € > 0 be arbitrary.
For z € D we define the function F, : E — C by

€z(z—1)—€ p _1
Fz(x):{e B e (4.24)

where p(z) is defined by

1 1-z z
_— +_

p(z) po  p1

Notice that Re(1/p(z)) = 1/p(Rez) and that p(6) = p, and also that Fg = f.
Furthermore, by construction, we have that

p(Rez) 1)-0(6-1)]
IFNP ey = eclRe=E1) MIFIE, .

[p(Rez) — (425)

—
=1

which decays uniformly to zero as Im(z) — +co. Using that LP(R¢?) is an
intermediate space of LP0 + LP1 (see Example 4.12), this implies that the
mapping F: D 3 z+> F, € LPo + LP1 is in fact in #/(LPo,LP!). Therefore we
conclude that

£ llizeo, o1y < Ellz (2p0,101) = max(iuﬂgupit”LPO'iu£||P1+it||LPl )-
€ €

By (4.25), we have then (using that py,p; > 1)
“f”(LPo,LPl oy = <expl[ef(1-06)].

Since € > 0 is arbitrary, this implies ||f||(LpO’Lpl o) <1 as desired.
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To prove the reverse inclusion we will use the dual characterization of
LP spaces, namely that

fllp = supffg dp
E

where the infimum is taken over the set of all LP" functions (where (p’)! +

p~! = 1; note that by assumption 6 € (0,1) and hence p € (1,00)) with
ligll; = 1. Using that functions in LP" can be arbitrarily well approximated
by functions which are bounded and have supports that have finite measure,
we can in fact take the infimum over this class of functions with [|g||;,» = 1.
Note that if g is bounded and p(suppg) < co then necessarily g € L! N L*.
Now, for each such g, we can define G, by first setting q(z) = ((1 - z)/p; +
z/p;)7!, and taking

G,(x) = {Ig(x)l;‘;) g(x), g(x)=0;
0, g(x)=0.

Since p/q(z) € [0, p], we conclude that G, is a bounded function with finite-
measure support, and so is in L! N L*®. Since |Gllz1A1 is bounded, the
image of z +— G, is also bounded in LPo + LP1. We further have that Gj; € LPo
and G, € Lt with norms = 1 by direct computation.

Now, given f € (LPO,Lpl)[g], by definition for every € > 0 there exists
F € Z(LPo,LPY) with Fg = f and ||F|lg(reo 1) < (1 + €)||f||(Lpo,Lp1)[9]- Let g
and G, be as in the previous paragraph. Since for each z, F, € LP0 + LP1
and G, € LPo N LP1, we have that F,G, € L' by Hélder’s inequality, so the
function

h(z) = JPZGZ dp
E
is a holomorphic function on D that extends boundedly and continuously
to D. We know that

suplh(it)| < supl|Fitllrro 1Gitll oy < IFllz 1r0,11),
telR teR

and

sup|i(1 +it)| < supl|Fiuitlleei Giell o1 < 1Fllgz (zeo,r1)-
teR teR
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And so applying Lemma 4.16 to h we get

[ 73 an =00 <Pl < 0+ Mgy
E

Taking € — 0 and the infimum over all g gives us that ||f]|;, < ||f||(Lp0’Lp1)[6]

as claimed. O

4.26 CoroLLARY (HAUSDORFF-YOUNG)
For any p € [1, 2], the Fourier transform is a bounded linear operator & :

LP — LP’, where p’ is the conjugate exponent defined by

1:l+—/.
p p u

Ref. 2.23: “Plancherel: Fourier  PROOF The Fourier transform is an L? isometry by Proposition 2.23; by
transform is an L? isometry”  definition it also satisfies

1
(27)

IF 11 (R Loo (R =

[SEW

So by Theorem 4.21
F (LY L) 91 = (L=, L?) g

with norm (27'()’%(1*9). With p € (1,2), we can compute the corresponding

6 by solving
1 (1-0) 6
- = + —
P 1 2
to get
2
0=2-—.
p
Observe that necessarily
1-6 6 1 1
+-=1-—=—.
IeS) 2 p
Incidentally,
_(2-pd
“g”LP_)LP’ =(2m) ¥ . O
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4.27 CoROLLARY (YOUNG’S INEQUALITY)
Suppose k(x, ) is a measurable function on R% x IR%2, such that there is a
constant C > 0 and some r € [1, 0] such that

sup [[k(x, o)l iz) < C,  sup [[k(e,p)]| g < C.
xeR1 yeR%2 !
then for every p,q € [1, oo] satisfying
1+ l = l + l,
q r p
we have
[Henrmas|  <Ciflpes,
dy Lq(IRdl)
for every f € LP. [

Proor Write T the mapping Tf(x) = JIR"’Z k(x,v)f(v) dy. By Minkowski’s
inequality we have

T < f|k<x,y>))f<y)| dy
R

which we can estimate by Holder’s inequality

< ||k(x:’)||Lr(md2)||f||Lr’(md2) <Cllfllg~-

On the other hand, Minkowski’s inequality also gives

IT fllgrgeny < | k(09 e [f )] -
R%2

So Holder’s inequality implies

< sup ||k(o,y)

y Lr(mdl)”f”[,l(IRdZ) < C”f”Ll
yeR?2

That is to say, T : LY (R%) — L"(R%) and L (R%2) — L*(R%) both with
norm < C. Applying Theorem 4.21 we get
T:(LY(R%), L7 (R™))jg) — (L' (R™), L™ (R )

also with norm 6. A direct computation using Theorem 4.23 gives us the
equivalent L? and L7 norms. O
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4.28 Remark
A direct consequence of Young’s inequality above is the convolution in-
equality
1S *gllga < Ifll-llgllze
when 1+ ! =r1+p7L. [

4.29 Exercise (LP decay of Schrodinger)
Let ¢(t, x) solve Schrodinger’s equation with initial data ¢(0,x) = ¢o(x) €

1. Using the Fourier representation (2.44), prove that
ot o2 = o]

2. Combining the above with Corollary 3.29, prove that for every p €
[2, 0] there exists a constant C dependning on the dimension d and p
such that

_dn_2
ot ol < i gl
Compute also the constant C. [ ]
4.30 Exercise (Baby Stein-Weiss)
This exercise builds upon Example 4.8. Fix a measure space (E, X, y). Let

p €[1,00), and let wy, wq : E — [0, 00) two p-measurable functions. Define
the norms, fori = 0,1,

1
P

Ifllx, =| | IfPwi du
J

What is the complex interpolation space (X, X;)[g)? Model your proof after
the proof of Theorem 4.23. [ ]

The Real Method and Marcinkiewicz

The real method is based on examining different comparable norms on
Xy + X;. Observe that if we replace the norm ||f||X1 by ||f||tX1 = t||f||X1 , this
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gives an equivalent norm on X;. These induce comparable norms of Xy +Xj,
as for a fixed ¢,

= inf t
Iy, = 30 o, + 1l

< 1,t)- inf = 1,t .
<max(L,0)- inf [1flly, +fillx, =max(LOlf .,

But the “optimal splitting” of f = f; + f; can be drastically different for
different . For f € Xy N X; for example, one would expect that for t > 1
the optimum would be to put fy = f and f; = 0; similarly, for t < 1 one
would put fy = 0 and f; = f. The real method aims to capture the behavior
of how the optimal splitting changes as one changes the weight ¢, and use
that to characterize the intermediate spaces between X, and X;.

4.31 DEFINITION (K-FUNCTIONAL)
For t € R, and x € Xy + X;, we define

K(t,x;Xo,Xl) -

= inf |x + tl|x .
nf_liollx, + el

4.32 (Properties of the K-functional) Note that for fixed x(, x{, the func-
tion f > |[xo||x, + t|x1]lx, is linear, and hence is both convex and concave.
Using that the infimum of any family of concave functions is again concave,
we have that for any x € X+ Xy, the function ¢ — K(t, x; X, X;) is a concave
function.

We have pointwise control available for K(t,x; X, X;). For xq € X and
x1 € X;, we note first that, since

lIxollx, + sllx1llx, < llxollx, + tlx1llx, when s <t,
we get that K (¢, x; X, X;) is increasing in ¢. This can be sharpened to
min(1, ¢/s) [[Ixollx, +sllxillx, | < Ixollx, +tlixillx, <max(1,#/s)[lxollx, +sllxi llx, |
This implies
min(1, #)]lxllx,,x, < K(t % Xo, Xq) < max(1, t)[|x[|x, . x, (4-33)
for any x € X + X;. Furthermore, it is easy to check for x € Xy N X; that

K(t,% Xo, X ) < min([xllx,. lixlly, ) < min(L, )llxllx, ox, (4.34)
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A further consequence is that
t t
min(1, -)K(s, x; Xo, X1) < K(t,x; X, X1) <max(1, -)K(s, x; Xp, X1). (4-35)
s s

Lastly, we have the algebraic relation K(t,x; Xo, X;) = tK(t™1, x; X1, Xo)
for interchanging X, and X;. 1

4.36 DEFINITION
Given Xy, X;, we define the norms Xg, on X, + X;. For q € [1,00) and
0<(0,1)

1

q

I, | [0 K mxo 31 s (437)
0

and for g = oo and 6 €[0,1]

IXlx, ., = supt 0K (t,x; Xo, Xy). (4.38)
t

In other words, Xg 4 is the L7 norm of the function f > t9K (t,x; Xy, X1 ) on

R, with respect to the measure ¢t~ !dt.
We refer by the spaces Xy, the subspaces of X, + X; on which the
corresponding norms are finite. [ ]

4.39 (Basic properties of X ;) From the definitions, we can show that
1. (Xo,X1)o,q = (X1, X0)1-6,4-

2. The spaces (Xo,X1)g,4 can be shown to be intermediate spaces be-

tween X, and X;. Using (4.33) we see that min(t79,¢!-9)

t79K (t,x; X0, X;). Let wo(t) = min(t~9,t1-9), we have that

l1€llxp+x, <

lwollrage1anlxllx,x, < lIxllx,,-

Using that for each admissible 0,q we have |lwg||pq;-147) is @ well-
defined real constant, we have that Xg ; — X+ X continuously. Simi-

larly, by (4.34) we have that t 9K (t,x; X, X;) < min(t79, t1_9)||x||Xole.
And so

llxllxy , < lwollia-1al*lixonx,
q

showing the continuity of Xo N X; — Xg 4.
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3. From (4.35) we get that
min(t79, 1795 K (s, x; X0, X1) < tOK(t, %3 X0, X1)
which we can rewrite as
s %wp(t/5)K (s,x; X0, X1) < 70K (t,x; X, X))
Using that the L1(t~1dt) norm is scale invariant, we have
s~ lwollpag-1anK (s, X0, X1) < Ilxlx,, - (4.40)

This implies that Xg ; < Xg .. On the other hand, Holder’s inequality
implies
/ 1-q/
Il < WANES A"

when r > ¢. This implies

q/r 1-g/r
llxllx,, < lixllx, lxllx, " <lxllx,
, 0,q9 0,00 q

from the previous step. Therefore we conclude that whenever r > g
we have that Xy, € Xg,,. 1

4.41 THEOREM (REAL INTERPOLATION)

Let Xy, X1, Yy, Y be Banach spaces. Let T : Xy + X; — Yy + Y] be a linear
mapping such that T restricts continuously to Xq — Yy and X; — Y; with
norms My and M; respectively. Then for (6,9) € (0,1) x [1,00) U[0, 1] X {o0}
we have that T : Xg ; — Yp ; with norm < Mi=omY. ]

Proor Observe that for x = xg + x; we have
K(t, Tx; Yo, Y1) < [ITxolly, + tTx1lly, < Mollxollx, + tMllx1[lx, -
This implies

M
K(t, Tx;Y, Y;) < MOK(tﬁl,x;Xo,Xl). (4.42)
0

. . . _ .M
This we can rewrite, denoting by 7 = t3g, 0 s

70K (t, Tx; Yo, Y1) < MEOMITOK (7, %, X, Yp),

from which the theorem follows by our definitions. O
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An Introduction to Dispersive Equations

The proof of the reiteration
lemma for the C inclusion is
straightforward and follows

from careful application of

(4.40). The reverse inclusion is
best done using the dual
characterization of Xg g via the
so-called J-method of real
interpolation which we omit in
this introduction. Please see
Chapter 3 in Bergh and
Lofstrom, Interpolation
spaces. An introduction for
more details.

The classical definition of
Lorentz spaces present them as
quasi-normed spaces with the
quasi-norms defined via either
the distribution function or via
the decreasing rearrangement.
Standard presentations then
prove that the real interpolation
spaces of Lebesgue spaces
coincide with the Lorentz
spaces. Here we choose to take
the reverse route.

© Willie Wai-Yeung Wong

4.43 Remark (Sublinear operators)

Looking at proof of the previous theorem, we see that, unlike in the case of
the complex method, here the fact that T is linear is not crucial. In fact, it
suffices that T satisfies the property:

For every xy € X and x; € X, there exists yy € Yy and Y; €
y1 such that T(xg + x1) = yo + v and “;UOHYO < My||xollx, and

[[91ly, < Mullxall,

Note that by taking one of the x; = 0, the above condition also implies
that T as a mapping from X; — Y; is bounded. Such a condition would be

sufficient to derive the bound K(t, Tx; Yy, Y1) < MOK(tﬁ—é,x; Xo, X1)- [

Notice that in the real method the interpolating space X, depends
on two parameters; this means that compared to the complex method we
get a two dimensional (instead of one dimensional) family of spaces. For
applications this means that sometimes we can get away with using weaker
spaces for the endpoints of our mappings Xy, Xy, Yy, Y;. To illustrate this
let us compute some of the interpolating spaces for some usual scales of
functions. We begin with stating, without proof, a convenient technical
lemma, which says that applying real interpolation twice does not give you
more spaces.

4.44 LEMMA (REITERATION)
Given X, X;, we have

(X00,40r X01,41 )n.9 = Xo,
with equivalent norms whenever 6,0, € (0,1) are distinct, # € (0,1), and
6 =(1-7%)0y+1n6;. We also have

(X0,40r X091 )n.0 = Xo,q

with equivalent norms whenever 6,7 € (0,1), and g, 91,49 € [1, o0] satisfies
g =(1-n)gy" +n4y". m

One of the first applications of the real interpolation method is the
following definition.

4.45 DEFINITION (LORENTZ SPACES)
Given a measure space (E,X, ), we define the Lorentz space L’qJ with g €
(1,00) and p € (1,00) as

P _ o 71
Lh ==Ly,
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For p € (1, 00) we also define

P _ o 71
18, = (L%, LY): .. .

==

Then the Reiteration Lemma immediately implies

4.46 COROLLARY (INTERPOLATION BETWEEN LORENTZ SPACES)
Suppose po, p1,90,91 are such that Lsg and LZ: are meaningfully defined as

Lorentz spaces.
1. If py < py, then for every g € (1, 0] and for p € (py, p1), we have
Po 1P _7p
(Laor Lai).g = L

provided
1 1-7y N n

P pPo P

2. If po = p; =p and gq < q;, then for every g € (99,q1) we have

P rP _ 7P
(L%'qu )71,67 - L@

provided
1 1-
1_1-n 1y
9 9 9
The cases pg > p; and g > q; follows analogously. ]
4.47 Remark
Note that by properties of the real interpolation spaces we have Lf C LY
whenever r > gq. ]

In practice, to check whether a function is in a Lorentz space, we would
like to have a more easily computable criterion. It turns out such a thing is
available.

4.48 DEFINITION (DECREASING REARRANGEMENT)

Given a measurable function f on a measure space (E, X, ), we define its
decreasing rearrangement to be the function f*: [0, 00) - [0, 00) defined by
the expression

def .

f7(#) = inf{s € [0,00) | u({If] > s}) < t}. ]
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4.49 (Decreasing rearrangement explained) The notion of decreasing ar-
rangement is based on the definition of the Lebesgue integral. In defining
the Lebesgue integral as the “area under the curve”, we slice the “area” hori-
zontally (as opposed to Riemann integration where we slice vertically), each
of the slices correspond to the superlevel set {|f| > s} for some s € [0, c0). We
then sum over all possible “heights” s the corresponding areas u({|f| > s})
to obtain the integral. Lebesgue integral is by definition compatible with
Cavalieri’s principle: horizontally moving the slices maintains the Lebesgue
integral of the function. Now imagine our original measure space to be
E =[0,00), with X the Borel o-algebra and y the Lebesgue measure. The
decreasing rearrangement of a measurable function f then is formed by
pushing each of the superlevel sets as far to the left as possible, so they sit
right against the vertical axis. This forces the resulting function f* to be
monotonically decreasing, and hence the name.

For general measure spaces, the definition above produces f* which is
equimeasure, in the sense that the Lebesgue measure of the superlevel sets
|{|f*| > s}| = u({|f| > s}) is equal to the measure of the superlevel sets of the
original function. This implies that

”f”LP = “f*”LP

when the left is measured with y and the right is measured with the
Lebesgue measure.

How fast is the growth and decay of f* when f € LP? This can be
answered by Chebyshev’s inequality which can be written in the form

£ <1l (4-50)
for any f € LP. 1
4.51 PROPOSITION .
If f e L'+ L™, then K(t, f5L',L%) = [ f*(t) dt. n

Proor Observe the following elementary fact: if 4,b, ¢, d are non-negative
numbers and a+ b > ¢+ d, then at least one of a > c and b > d is true. An
immediate consequence of this fact is that if f = f; + f; is the sum of two
measurable functions, and s = sy + 51 is a sum of two non-negative reals,
then

pUlf1>s}) < p({lfol > so}) + p({lfil > 51})-

From this we derive that for any 6 € (0,1]

() < f((1=0)t)+ f7(61). (4-52)
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So
Jf*(t) dt < ffg((l —0)t)dt+ Jff(@t) dt
0 0 0
< [ s -omars [ sronar
0 0
1
Sm|fg Ll +T|f1* Leo®

The inequality holds for any 0 € (0,1] and any f; € L' and f; € L. This

means that
T

ff*(t) dt < K(v, f;L1,1), (4.53)
0

For the reverse inequality, choose

sosgn(f) |f(0)> frry” 0= -AE)

We have that fy € L! and f; € L with ||fi]|;~ = f*(7). Note that by construc-
tion f* = f; + f', and so

0ff*(t) dt = Offo*(t) dt + Ojff(t) dt.

By construction f'(t) = f*(t) for all ¢ < 7, so the second term in the integral
is exactly 7||fi||;~. Also by construction f;(t) = 0 for all t > 7, so the first
integral is exactly || fo||;1. This shows that

)= {f(x) ()] < £(0)

K(t, ;L1 L) < [follp + Tllfillys = J.f*(t) dt
0

and the proposition is proved. O

The following corollary is immediate using the definitions (4.37) and
(4-38) of real interpolation spaces.
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4.54 COROLLARY
For g < o0, a function f € LZ if and only if

o t q
f t%‘lff*(s) ds % < co.
0

0

Furthermore, a function f € L%, if and only if

t

supt?”! Jf*(s) ds < oo.
t

0 |

4.55 LEMMA (STANDARD CHARACTERIZATION OF LORENTZ SPACES)
fe Ls if and only if the function t + t7 f*(t) is in L9([0, co), t~1dt). [

1
Proor The lemma boils down to showing that t7 f*(t) is in L1(¢t~'d¢) if and
1
only if the function g(t) = ¢! fotf*(s) ds is in L9(¢t~'dt). First note that

. . . t TR
since f*(t) is decreasing, %IO f*(s) ds > f*(t), and hence the implication <
is immediate.

For the implication =, we first perform a change of variables to write

1
ety =t | f(ts) ds.
]

Minkowski’s inequality then implies

1T oo %
4 g4t
NgElLa(e1ar) < tr[f(ts)] ry ds.
0 Lo
A second change of variables implies
1 00 d %
_1 a. . t P Lo
leOlisran < [ <7 | [irong | as= L], .,
0 0
as desired. O
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4.56 Remark
Observe that t~!dt is essentially the Haar measure on the Lie group (R,,-),
the mapping

t
(1) o ! ff*(r) dr
0

can actually be expressed as a convolution. One way to see this would be to
take the exponential change of variables o = Int to rewrite f* as a function
of o € R. Then the fact that ||g]|;4 < ||t1/Pf*(t)||Lq can be seen alternatively
as a consequence of Young’s inequality Corollary 4.27 for convolutions. m

4.57 COROLLARY (MARCINKIEWICZ)
1. For p € (1,0), the space b =rr.

2. As consequence: suppose pg # p; and both are in (1,00] and gg,¢q; €
(1,00]. Take T to be a sublinear mapping (see Remark 4.43) that is
bounded from LPi — L% (i = 0,1). Then for any 6 € (0,1) such that

1 1-6 06
—_ = 4 —
p Po P1
1 1-6 6
— = + —
q q0 q1
p=<q
we have T is bounded from L? to LY. ]

4.58 Remark
In the statement of the previous corollary we took LY = L* by convention.

The requirement that p < g is due to the fact that our theorem on real
interpolation would actually imply that, for any r € (1, c0) that the mapping
T is bounded from the Lorentz space L’: to L;, without the restriction on
p < q. However, we further have that when r < ¢ the embedding L} c LZ
is continuous. So when p < g we can take r = p and get that T : LP = Lz -
LicLi=1r1.

Lastly, the lower bound p > 1 is not necessary; one can define the Lorentz
space LZ by interpolation between LP0 and L, with q > pg, for any py > 0
(in particular py < 1), using essentially the same definition as was given
above. With minor changes all of the above computations go through (just
need to keep track of more indices). This allows extending the definition of
Lorentz spaces to LZ with p <1. The problem however is that the LP0 space
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in the definition is not a normed space: the LP* “norm” fails the triangle
inequality and is only a quasinorm. As a consequence, the Lorentz spaces
with p <1 are also only quasi-normed spaces (as opposed to the case p > 1
where the functionals given in Corollary 4.54 are norms when g < o). We
will in general not be working with these quasi-normed spaces, except that
the Marcinkiewicz Theorem with the edge case of mappings T : L! — L is
frequently useful. [ ]

4.59 DEFINITION (WEAK-L? SPACES)
The (quasi-normed) spaces LE, for p € (0,00) or usually referred to as the
weak-LP spaces. They are characterized by

sup 17 f*(t) < oo.
te[0,00) |

Let us move on to the interpolation of another frequently used family
of spaces.

4.60 (Sequence spaces) Fix A > 1. Let pg,p1 € [1,00) and consider as the
space X the space of sequences a = (a,,),,cz such that

1

Po
def
lally, [ D""wam] <o

nez

and X; the space of sequences such that

1
def H
lally, £| )l | <o
nez

What is Xg 4?
Let us begin with the case py = p; = 1. We claim that

|log, t] I~
K(t,a; X0, X;) = Z Aa,| + Z t|an|:Zmin(/\”,t)|an|.
n=-co n=[log t] nez

For the <, observe that we can write a = b +c, where b, = a,, if n <log, t and
zero otherwise. Then putting b € X and c € X; we clearly have the desired
inequality. For the >, suppose a = b + ¢ with b € X and ¢ € X;, then by the
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Ref. 4.61

triangle inequality we have

[log, ] oo
Y Al Y tayl<
n=-00 n=[log, ]

llog, t] 00

[log, t] 00

YNl ) bl Y Aed+ ) el

n=-oco n=[log t]

n=-0co0 n=[log, t]

< |lbllx, + tllcllx,

and the claim follows after taking infimums.
We can discretize K by taking comparisons: we have that for t €

[Ak, Ak+1] that

Z/\mi“("’k)lanl <K(t,a; X0, X1) < A Z/\min(n’k)la"l'

So we can approximate

keZ

nez

( @
J eKta q Z/\ kq6 Z/\mlnnk|an|
0

The inner sum we can rewrite to be

Z/\min(n,k)lanl Y Zmin(/\n, Dkl

neZ

This gives us

[(roxway &y u-o| 5 g,
0

keZ

We claim that in fact

(o)

J e

0

For > it suffices to note that |a;] <

Minkowski’s inequality to get

Z/\kq(lfe) Z’/\min(nlO)lan-#kl

keZ neZ

=

neZ

q
nez
kq(1-6) The computations here are
Z/\ al |ak|q (4.61) directly analogous to the
keZ computations in the proof of

Lemma 4.55. The
“convolution-like” structure is
clearer, since the discretization
effectively implements the
required change of variables
from a multiplicative group to

Y ez Amin(m0)jz |, For <, we use

< Z/\min("ro) ZAkq(179)|an+k|q . an additive group.

nez kezZ
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Another change of variable in the inner sum gives us

1
q
_ Z/\min(n,O)/\n(G—l) ZAkq(l—9)|ak|ql )

nez keZ

Noting that for n < 0 we have min(n,0)+n(6 —1) = n6 <0 and for n >0 we
have min(#n,0)+n(6 —1) = n(6 — 1) < 0 we get that

Z/\min(n,o)wl(ﬂ—l)

nez

converges for every 8 € (0,1). And our claim is proved.
Now, define the homogeneous sequence spaces ¢ for p € [1,00) and
s € R to be the space of sequences a = (a,,),cz such that

1
P
llall o « [Z25P”|ﬂn|p] < oo. (4.62)

neZ

Our discussion above shows that
(65,10, = £l
So by the Reiteration Lemma we conclude that
(68,65 Yo = &2 (4.63)

where s = (1 -60)sg+6s;. Minor modifications of the above argument shows
also that for the norm
def
llalljeo = sup 2*"|a| (4.64)
nez
the equality of (4.63) can be extended for p, p1, and possibly g taking oo as
value.

The above discussion on sequence spaces implies immediately that the
homogeneous Besov spaces Bi[’ have the interpolation relationship

350-P RS1.P _ pSpP
(B% ’Bql )G,Q_Bq

whenever s = (1 — 0)sy + Os;. It should be clear that instead of using se-
quences indexed by Z, if we index by N, the analogous sequence space
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estimates will also hold, thereby implying the same result for the inhomo-
geneous Besove spaces.

More refined computations (combining the results concerning Lebesgue
and Lorentz spaces with that of sequence spaces, together with some other
powerful technical results from general interpolation theory) gives us the
following interpolation relationships between Sobolev and Besov spaces,
which we state without proof for the inhomogeneous Sobolev and Besov
spaces. We include also several embedding theorems (including Sobolev
embedding). The analogous interpolation results are also true for the

homogeneous versions.
See Chapter 6 of Bergh and

4.65 THEOREM (RELATION BETWEEN BESOV AND SOBOLEV SPACES) L""JCSt”"mAII‘.terP%lati‘?n .

. _ spaces. An introduction for
Tbroughgut, 5,50,51 € R and p,po,p1,9, 90,91 € [1,o<.>] unliss ?t}lerw1se SPEC 1 oofs of the Sobolev and Besov
ified. O is always in (0,1). When used, the notations s*,p*,q* denote the  space interpolation results.

values
1 1-6 0 1 1-6 06

5*2(1—6)50'?'651, - = + —, and—*: .
p Po p1 q q0 q

All function spaces are defined over RY.

s,p S,p .
qu C th if qo < qi-

B,y cwsP B if1<p<2.

By? c WP c B, if 2 < p < co.

d_. _4d
po 17 pre

50,-P0 S1,.P1 :
By,"" C By~ provided that pg < py, g9 < q1, and sy -
o (WP, WerP)g o = By P if s = 51.
o (WSPO, WSPL)g 0 = WP,

o (WioPo, WoLPL) ) = WSP"if sy # s and Po,P1 € (1,00). (Note that this
one uses complex interpolation.)

S0:P pS1/P sp .
(Bgo » By, )o,g =B if so # 51

P pSP _ pSP
(Byt By )o.q = ByY .

s (Bt By )o,p = B;;p provided sq # s; and p* = g".
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An Introduction to Dispersive Equations

Ref. 3.46: “Summary of decay
of solutions to the wave
equation”

The two multi-linear theorems
can can be found as Theorem
4.4.1 and Exercise 3.13.5b in

Bergh and Lofstrom,
Interpolation spaces. An
introduction respectively. For
the latter theorem, we will only
be using cases where the
Banach spaces involved are
weighted LP spaces and Lorentz
spaces, and in this case a
complete proof is given in

O’Neil, “Convolution operators

and L(p, q) spaces”.

© Willie Wai-Yeung Wong

. (Bzz'pO,Bifl’pl)[@] = B;JP provided sy # s1. (Note that this one uses

complex interpolation.) [
4.66 Exercise (LP decay of wave)
Consider the solution to the linear wave equation
—0hp+ap=0

with initial data ¢(0,x) = ¢g(x) andd; (0, x) = 0. Recall from Theorem 3.46
that

|<j)(t,x)| < Cltl‘d%l”%”éj%ﬂ‘

1. Using the fundamental solution Giwave) (refer also to Exercise 2.49)
and Plancherel’s identity (Proposition 2.23), prove that

¢t o[, <I|po]-

2. Using Exercise 3.45 and Theorem 4.65, together with the previous
part, prove that for any p € (1,2), there exists a constant C,, such that

Jote ol G o] 0

where p’ is given by (p’) ' +p~! = 1. -

Multilinear interpolation and Hardy-Littlewood-
Sobolev

So far the theory covered have been only applicable to linear and sublinear
mappings. The same techniques can be extended to multilinear operators, as
well as interpolation with more than 2 endpoints. We quote without proof
two results in this direction; the first using complex interpolation, and the
second using real interpolation.

4.67 THEOREM (MULTILINEAR, TWO-ENDPOINT INTERPOLATION )

Let Ay, A1, By, B1, Cy, C; be Banach spaces, and suppose that T is a bilinear

mapping satisfying the bounds
IT(a,b)llc, < Mollalla,llbllp,
IT(a,b)llc, <Mllalla, 1bll,

(T:AOXBO—>C0)
(T:AIXBI —)Cl)
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hold, then for any 0 € [0,1],

1-6
IT(a,b)llc,,, < MG "M lalla o Iblls, (T : Ay xBig) = Clop)- w

4.68 THEOREM (MULTILINEAR, THREE-ENDPOINT INTERPOLATION )
Let Ay, A1, By, By, Cy, C; be Banach spaces, and suppose that T is a bilinear
mapping such that the bounds

IT(a,)lic, < llalla,lllig, (T:Agx By —Co)
IT(a,b)lic, < llalla,llbllg, (T:AgxBy —Cy)
IT(a,b)lic, <llalla, llPlig, (T:A;xBy—Cy)

hold, then for 6,0,,05 € (0,1), and p,q,r € [1, 0] satisfying

0=04+0 1<-—+

’

= |-
= | =

we have the estimate
IT(@ by, < lalla,, , I0ls, (T Aoupr¥Boyer = Co)

Let’s look at some of the consequence of the second theorem. A first
consequence of this theorem is the Holder inequality for Lorentz spaces.
Letting Ag = By = Cy = L® and A; = B; = C; = L' in the above theorem, we
see that the mapping (f,g) — fgisindeed from L'xL® — L! and L®xL® —
L. The above theorem implies, together with our Definition 4.45, that the
multiplication operation also satisfies

If8llz S 1AMl gl (4.69)
whenever
1 1 1 1 1 1
—=—t—, —<—+—.
p Po P1 9 4q0 1

) . The usual proof of the
A second consequence is a remarkably simple proof of the Hardy- Hardy-Littlewood-Sobolev
Littlewood-Sobolev fractional integration estimate. This same estimate is  estimate can be found in
frequently proven in textbooks using maximal functions estimates, which ~Chapter 1, Section 3 of Stein,
K X R . Harmonic analysis:
uses the geometric structure of Euclidean spaces through the Vitali cover- .1y ariable methods
ing lemma. Here we can obtain the estimate as a real interpolation version orthogonality, and oscillatory

of Young’s inequality Corollary 4.27. integrals.
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4.70 THEOREM (HARDY-LITTLEWOOD-SOBOLEV)
Given f € Lsg and g € LZII, such that (gg) ' +(q1) ' =g ' <1,and p~! =
(po)~t + (p1)~' — 1 satisfies p, pg, p1 € (1,00), we have

< .
1f * &gz < 11 llgzo gl .

Proor Observe that the convolution mapping (f,g) — f * g is symmetric
in f and g and satisfies trivially

If =&l < NfIpliglz N1 * 8l < NN 1181z

So we can apply the multilinear interpolation theorem with Ay = By =Cy =
L' and A; = B; = C; = L® with 8 = 1 — 1/p to get the desired conclusion. O
Now, consider the function k,,(x) = |x|"” for y € (0,d). The function

just barely fails to be in L7, but it is in fact in Li{y (in other words in
weak-L%7). The Hardy-Littlewood-Sobolev inequality immediately implies

Hky *f”Lg Sl (4.71)
where g € (1, 0] and

L. +2 150

p T r o d ’

Noticing that since % —1 <0, necessarily p > r and so we have

ey« £l =My < £l < ey« £llp < WfUs = 1A1L - (a72)

which is the classical statement of the fractional integration inequality of
Hardy-Littlewood-Sobolev.

4.73 Exercise (Hardy-Littlewood-Sobolev: lower bound is sharp)

In the statement (4.72), which follows from Theorem 4.70, the restriction on
po in the hypothesis of the theorem translates to y € (0,d). The restriction
on p; requies r € (1,00). Show that the inequality cannot be extended to
r = 1. That is to say, find a function f € L! such that k,+f¢ LY. ]

4.74 Remark (Fractional integration)

The operation of convolving a function against k,, is called a fractional
integration. Observe first that in the case d > 2 and y = d -2, the function ky
is proportional to the Newton potential, so that up to a constant A(ky_,*f) =
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cf. In other words, one can think of convolving by k;_, as the same as
acting by the inverse of the Laplacian.

More generally, for € (0,d), we have that k, is a locally integrable
function, and so for any function f € & the integral IIRd ky (x)f (x) dx is
well-defined and k, in fact represents an element of . In this case, what
is its Fourier transform? Going back to Proposition 2.7 we see that k,,(x) is

homogeneous, and so Sk, (x) = N2 \x [V = Ad/z‘yky(x). And so we expect
/\-d/Z]g;(/\—lx) — /\d/Z—y];;(x).

For this to hold we must have Ig,(x) o |x|7_d. For y €(0,d) this can in fact
be justified rigorously, and therefore we have that

Flky # FUE) ok (E)F(E) oc [~ F(£),

so k,, corresponds to a Fourier multiplier that behaves like the inverse of
taking d — y derivatives, and hence they are called fractional integration
operators. =

Strichartz estimates

We now turn to one of the most useful results in the study of dispersive
equations. Returning to the statements in Exercise 4.29 and Exercise 4.66,
we see that measuring the solution at a fixed time in L7 for g € [2, 00), we
get different decay rates depending on q. The decay rates are however
homogeneous: that they are of the power type ||7. Now, functions of the
form |t|™7 are not in LP(IR) for any p; the closest we get is that for p = y~!
the function is almost in L?, in fact, in weak-LP. Recalling however that
the L9 decay estimates are obtained by interpolation from the conservation
of mass and the L1-L® decay estimates, one can ask whether we can do
the interpolation better, in view of weak-type interpolation results such
as Corollary 4.57, to get results where the decay in t is measured in an
integral (L?) norm, rather than a pointwise norm. This turns out to be
possible, through combining the pointwise-in-time decay results with the
Hardy-Littlewood-Sobolev inequality, together with an abstract functional
analytic technique called the TT* method.

4.75 (The TT* method) Let H denote a Hilbert space, and Y some reflex-
ive Banach space. Suppose we are given a bounded linear operator

T:-H-Y.

Ref. 2.7: “Fourier transform
properties: scaling, translation,
modulation”

For further developments of the
ideas presented in this section,
as well as for a different
exposition, please refer to
Chapter 8 of Bahouri et al.,
Fourier analysis and
nonlinear partial differential
equations.
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Its adjoint (transpose) operator is then the bounded linear operator
T":Y">H'=H

defined by (T*y, h) = (y, Th); we used that Hilbert spaces are their own
duals, and abuse the notation (, ) to denote both the duality pairing and
also the inner product for the Hilbert space. This means that

TT :Y"—>Y

is again a bounded linear operator. We can compute the norms of these
three operators.
The definition of operator norm is given by

ITll—y = sup [IThlly.
Ikl =1

Putting in the dual characterisation of the Y norm we get

ITllg—y = sup sup (y,Thy= sup sup (T°y,h)=|T"lly-—p,
Il =11]y]] =1 il =1 |y]] =1

showing the well-known result that the operator norm of an operator and
that of its adjoint are the same. By taking the composition we have that
ITT*ly—y <|ITl|%_y- On the other hand,

ITlly—y= sup (zTT'y)= sup (T'zT"y)
[I9lly-=1=ll=ly+ [l y-=1=llzlly
> sup (T, T'9) =Ty -
lI9lly-=1

So we have shown that in fact, | TT*||y-_y = | T||%_y-

The basic idea of the TT* method is this: in many situations, we are
given an operator T that acts on some Hilbert space H. In this situation, in
order to show that it maps H boundedly into a reflexive Banach space Y,
it suffices to study the operator TT* and show that it acts boundedly from
Y* — Y. Moreover, this can be reduced to proving the bilinear estimate

& TT"y) < lzlly-

y“y*‘ 1

In what follows we will assume that our Hilbert space H = Lz(]Rd), and
all duality pairings will be with respect to the L? pairing. Given a Banach
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space X of functions on IR? in which #(R) is dense, we denote by the
space LPX (for 1 < p < o) the space of functions on R%*! given by the
closure of % (R%*!) with respect to the norm

1Dl & fncD(t,-)ui ar| . (4.76)

We state an abstract Strichartz-type estimate.

4.77 THEOREM (“ABSTRACT STRICHARTZ”)

Let U(t) for t € R denote an uniformly bounded one parameter family of
linear operators mapping L?> — L%. Let X be a reflexive Banach space of
functions on R, such that #(IR?) is dense in both X and X*. Suppose
there exists ¥ € (0, 1) such that for every f € #(IR%), and every t,t’ € R, the
inequality

loOU sy < 7= ,|y||f||x

holds. Then

(IO P 17

jU*(t)@(t,o) df| sloll 2 "

R L2

Proor As usual it suffices to prove things using Schwartz functions. We
begin by noting that
_ﬂ- [t—t |7 “

|ﬂ<U (t)), (1)) dt dt’

We wish to apply (4.72) on fractional integration. To do so we need to use
the case where p and r in the inequality are conjugate exponents. That is
to say, we need both p~! + 77! =1 with p>rand also p~! =71 +y -1 from
Hardy-Littlewood-Sobolev. This means that p = 2/y and r = 2/(2-y). With
these values we have the bilinear estimate

()l d dt’.

VX

|ﬂ<U(t)U*<t'>W<t'>,<D(t>> dear| <INl o 19 2 o (478)
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Now, take the operator T to be the mapping

(Tf)(tx)=[U()f](x)
and T" to be
(T*D)(x) = j U*(t)®(t,x) dt.
R
The estimate (4.78) reads that for every ®, W e L¥?77)X n #(R%*1), the
inequality (TT*W, D) < ||W||; 2/2-») x||P||; 2/2-7)x holds. By density it holds
for all such functions, and setting W = ® we recover, through the TT"

method that T*: LY V)X — LZ(IRd) is bounded, and so T is bounded from
L? to LYV X", O
4.79 Remark

Note that the proof of (4.78) is based on essentially a pointwise comparison.

And hence we also have the following version: let @ : R> — C be any
function that satisfies |@| < 1, then

o 9l 2 (a.80)
VX L7 X

[ ot nwou @y om arar <

Taking, for example, @(t’,t) = 1 when t’ € [0,t] and 0 otherwise, we con-
clude from this

|| f (¥ dr

an inequality that can be useful for applications to inhomogeneous and
nonlinear problems. [ ]

(4.81)

2
LY X D¢

4.82 COROLLARY (STRICHARTZ FOR SCHRODINGER )
Let ¢(t,x) solve Schrodinger’s equation with initial data ¢¢(x). Then

Il g, <l
for any p € (2, dzdz) [

Proor By Exercise 4.29, we have that

ot o)l < it o]l
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So we can take in Theorem 4.77 that X = LP" and y = %(1 - %). This implies
the result immediately. ]

The application to Schrodinger equation is rather straightforward, as
the natural dispersive estimate already interpolates to statements about
mappings from L to LP". For the wave equation the situation is how-
ever more complicated: we need to rephrase our dispersive estimate in a
more suitable form than that of Theorem 3.46. Let ¢g, ¢ € &, and let  Ref 3.46: “Summary of decay
¢(t,x) solve the linear wave equation with initial data ¢(0,x) = ¢g(x) and  of solutions to the wave
d:¢(0,x) = ¢1(x). Observe that in the statement of Theorem 4.77, we need equation
to get some control on U(t) as mapping from some space X to its dual.
The initial value problem for the wave equation however has two initial
data points, the initial position ¢y and the initial velocity ¢;. So to make
it amenable to our abstract theorem, instead of considering simply the
solution operator (¢, 1) — @, it is better to consider the mapping of pairs

U(1): (o, P1) = (P(t), dp(1)). (4.83)

We get our estimate for the operator U(tf) from Remark 3.43. Ref. 3.43: “Decay estimates for
Noting that the Littlewood-Paley projectors commute with the funda- Littlewood-Paley projected

. (wave) . . wave kernel”
mental solution G; , we have that the function A ¢(t, x) solves the linear
wave equation with initial data Ag¢y and Ax¢;. Therefore we have that

Aot o)l < 22 ([acgoll o+ 27 Ak ) )-

Conservation of energy gives however

Akt |2~ [[Axbol] 2 + 27 Al

Similarly, for d;¢, we find

[Acip(t, o = 2422 (25 Ao+ Akl ).
|ak9rp(t )l 2 = 2 |Akpoll 2 + [[Ax]

Complex interpolation between the two sets gives that with 8 = 2/p and  Maybe at this point I should

1/p’+1/p = 1 we have introduce Bernstein’s inequality
and use this to get the LP

instead of the Besov versions?

At o), + 27| Ax Dbt 0], <

2§(d+1)(1—6)|t|—(d—1)(1—9)/2 (“Ak¢0||Lp' + 2_k||Ak¢1 ”Lp’)‘
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In particular, Bernstein says
that for the

27ks) A D, < |ARD]lg for

s =d(1/q—1/p). This actually
gives the correct proof for the
Exercise below; and this gives
the correct range for the
Strichartz estimates for wave;
the corollary here is a bit off.

Check Bergh and Lofstrom to
see if the homogeneous versions
of the Sobolev theorems
actually incorporates the
Bernstein versions.

© Willie Wai-Yeung Wong

Therefore we have that for

1 1 1 1 d+1(1 1
=d-1)(z-=), —+==1 s= (———), (4.84)
Y 2 p7 pop 2 \2 p
we have
27 |e (e, 91 Dupte, )], 5 2507 oV g -

To simplify notation, we can write @y = (¢, V| ¢1) and O = (¢, i ;).
Our decay estimate can be written then as

Dt o)l < |t|_y||q)0||§;,p’ (4.85)

for every g € [1,0]. Now we are ready to state the Strichartz estimate for
wave equations.

4.86 COROLLARY (STRICHARTZ FOR WAVE)
Let s and y be defined as in (4.84), such that y € (0,1) (in other words,

pe(2 25;1:31)) for d >3 and p € (2,0) for d = 2,3), then

[

+[lovg],

3 oot % || @oll o2 + 61 2
7325 1,p (PO BZ (Pl B2

L%éj"’ [}
Proor We apply the abstract Strichartz estimate Theorem 4.77 with X =
é;’p . We use the fact that for p,q € (1,0) we have that the dual space fo
é;’p is é;f’p where 1/p+1/p’ =1/q+1/9" = 1. The theorem then follows
from (4.85) after noting that

IPoll = Pollgse ~ [ oll oz + 111502

by definition of @j. O

4.87 Exercise
1. Combining Corollary 4.86 and Theorem 4.65, we can pick up as a
consequence
]

determine the range of allowable (7, q) in the above inequality based
on (4.84).

TR ”(POHBg2 + ||¢1”l§£1,2;
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2. Do the same as the previous part, except instead of bounding ¢ in
L"L1, bound d;¢ in L"LA. ]

In the remainder of this chapter we will discuss the so-called end-point
Strichartz estimates. Going back to the discussion of the abstract Strichartz
Theorem 4.77, we see that we only allow y € (0,1). We ask: can there be
analogous estimates for y =0 or y = 1?

The case y = 0 is simple: looking at, for example, the case of Schrodinger
equation, we see that plugging in formally y = 0 will require p = 2, and then
the estimate is nothing more than the conservation of mass “(i)(t, o)”L2 <
||¢0|| 2 we already know about the solution. More generally, we expect
the case of a uniform bound in t to correspond to some sort of L? based
conservation laws.

What about the case y = 1? In fact frequently one can prove exactly
such an estimate. The proof relies on a clever use of both of the multilinear
interpolation theorems given in the previous section. We demonstrate the
case for Schrodinger equations, but similar results are also available for
other dispersive equations.

4.88 THEOREM (END-POINT STRICHARTZ FOR SCHRODINGER )
Let d > 2. Let ¢(t,x) solve Schrodinger’s equation with initial data ¢¢(x).

Then
ol g <l _

Proor Denote by U(t) the solution operator to Schrodinger equation. Let
# = (kj)jez be the sequence defined by

B = ﬂ (UHU*(¢)(), D(t)) dt dt’.

[t—t’|[2],2i+1)

Let’s estimate p; in two different ways.
First, by the uniform decay estimate in Corollary 3.29, we have

-d/2

UHUE)R(E),2@) s |t- | @) el
And so by Cauchy-Schwarz we get
i(1—4d
|| < 270 DNl 1Vl 2 - (4-89)
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Similarly, from the conservation of energy we have that
UOU (), 0(0) < [P ()| NP0l 2
and so )
1] < 21Pll2 212 2 (4.90)
Next, rewrite the integration for y;, bringing in the integral inside the

bilinear pairing to get

= ﬂxj(t— WU (U)W (), D(t)) dt dt’
R2
- J<U*(t’)‘l’(t’),f U*()[xj(t - )@ (1)] dt) dt’
R

R

where x;(s) is equal to 1 when [s| € [2/,2/*1) and 0 otherwise. Now evaluate
the pairing as the L?-L? pairing, and we have

|f*]|<f||U IILZJ U(t)[x;(t - )0 (0)] At dr’

L2

Now, noting that U*(#’) acts boundedly on L?, we have that || U*(¢")W(t’)||;2 <
['W(t')|| 2 (the constant is in fact 1 in the case of Schrédinger). So we can
perform a Cauchy-Schwarz to get

ol <1502+ | [ 00l - et a

R LtZ,Lz

Let us examine the second term on the right. By Theorem 4.77, we have for

any p € (2, d2d2) the estimate

f UA(0g() dt|| < lgllonpy
R L2

where y = d(} - —) (0,1). In particular, 2/(2-y) € (1,2). Applying this
to our expression we note that we should set g(t) = x(t —t")®(¢) which has
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compact support in t. And hence we can apply Holder’s inequality to get

fU*(t)x(t —t)e)dtll s [t = ) oo [l - 9|5,
R L2

2
L 12
< 2i1=y)/2 Jx(s)||®(s+t) o ds| . (4.91)

R

Integrating this quantity squred in t’ gives
2

f U*(1)[x;(t— o)(1)] dt < 2i0=7) H){(S)”@(S + t')||§p, ds dt’.

R LtZ’L2 R2

Performing the integral in ¢’ first (by Fubini) we get finally

[rtnge-somal <2200,
R L2 12
And we finally conclude that
|| < 2PV 2N 1P 2 (4.92)

Quite clearly the same estimate holds with the roles of W and ® swapped.
Summarizing (4.89), (4.90), and (4.92), we have that the mapping

maps to R from
e 121! x [2L! with norm 2/(1-%);
(1ad_d
o L2012 x L2L1, where q € (24, 2], with norm 2/' "1 73%);
* similarly from L?L9 x L?L?.

Interpolating using Theorem 4.67 we get that (when d > 2) for any q €
(dz—fz, 2], we also have that the mapping maps

L2LP0 x L2LP' — R with norm 2/P
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where
1 1
pO_l_%' pl_1_9+g
and
d d d d d 1 1
=1-— - ——O0—=1+—=(1-—-—].
p 2+64+62 qu +2( o pJ

In particular, we see that there exists some € > 0 such that for every

d+2 d+2

(po) L(p1) ' € [7—617‘?6 (4.93)

we have the estimate

. d 1 1
‘ﬂj‘5zlﬁ(PO’P1)||\{l||Lt2Lp0||cp||Lt2Lp1, ﬁ(PO;Pl):l"'E(l____)- (4.94)

Note in particular that g(2%, 24) = 0.

Now, consider the bilinear mapping (W, ®) — p, where y is treated
as an element of a sequence space. Our estimate (4.94) implies that for
Po,p1 within the box defined by (4.93) that the mapping is bounded from

L2LPox 2L — é)i%(po o) And here we can take advantage of Theorem 4.68

and use a three-end-point interpolation.
We do so by first choosing two values

d+2 € d+2
-1 _ € -1 _ _
(pO) - 2d +2’ (pl) 2d €

within the allowed box. We have that the mapping (W, ®) - yu is bounded

when consider as , , .
Po Po b
L2LPOx L2LPO — (0

LILPO x LILPY — 0%, (4.95)
L2LP x L2LP0 — 235/4
So if we apply Theorem 4.68 with r =1, p =g =2, and 6 = % with 04 =
Op = %, we get that the mapping is a bounded mapping

(L2LPO, L2LPV)1 , x (LZLPO,L2LPY)1 , — £} (4.96)

1 1
3’ 3’

using what we know about real interpolation of sequence spaces (see
Thought 4.60).
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Observe that by construction

1—6A+6A_d+2

Po p1 2d

for our choice of 64 = % And so by our definition of Lorentz spaces we

have
2 2 272d/(d+2) _ r2,2d/(d+2) _ ;¢ r2d/(d+2
(LPLPo, LPLPY)y , = LFL, D L7 Ly = LA

where we used that 2d/(d + 2) < 2 and so we have the inclusion inequality
for Lorentz spaces. Finally, since

Zy]- = ﬂ(U(t)U*(t’)‘P(t’),@(t)) dt dt’,
R?
the boundedness (4.96) implies that

J U (t)@(t)dt| < ||(D||Lt2de/(d+2)
R L?

and by duality (seeing that (d + 2)/2d + (d — 2)/2d = 1) implies the desired
estimate. O
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Chapter 5

Vector Field Method:
Another Approach to Decay

As we have already seen in the discussion between Theorem 1.10 and
Theorem 1.21, there are multiple ways to approach proving dispersive
estimates. The Fourier integral method explained in the previous chapters
roughly corresponds to the “fundamental solution” method used to prove
Theorem 1.10. In this chapter we will apply the ideas of the proof of
Theorem 1.21 to study the decay properties for the Schrodinger and wave
equations.

Our general strategy, following our discussion on the Vlasov equation,
consists of:

1. First, examine the symmetries of the equation in terms of its commut-
ing vector fields. More precisely, we seek vector fields W such that if
¢ solves the equation of interest, so does W ¢.

2. Second, examine the symmetries of the equation in terms of its con-
servation laws.

3. Third, prove space-time weighted Sobolev inequalities to convert
higher derivative estimates in integral norms to lower derivative
estimates in pointwise norms.

This method was originally developed by Klainerman to systematically
treat the decay properties of the wave equation. In the presentation below
we instead start with a version adapted to the Schrodinger equations. There
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are various technical simplifications in this situation which, it is hoped,
can make the overall strategy more transparent. The technically more
complicated case of the wave and Klein-Gordon equations is treated in
the second half of this chapter. Our treatment of the wave equation is
non-standard compared to what is available in the literature; in particular
our presentation relegates the wave equation estimates as a degenerate
case of those available for the Klein-Gordon equations. The advantage lies
in the somewhat shorter and unified presentation. The reader however
John, Nonlinear wave is encouraged to consult the textbooks of F. John and C. Sogge for the
_ equations, formation of  gtandard presentations of the estimates available for the wave equations,
Oinf;iaﬁﬁ?r Vi‘;‘gfe ]&zztt?;zz for that is the formulatior} used in most extant .p.roofs of small—da'ta global
well-posedness theorems in the context of quasilinear wave equations. The
method presented, as applied to the Klein-Gordon equations, is however
standard.

Schrodinger

The first step in the vector field method is finding differential operators that
commute with the equation. For the linear Schrodinger equation, which we
re-write as

i +ing =0, (5.1)
where ¢ : R*? — C, we will use the operators

i
Wi =td, + Exf. (5.2)

These operators are related to the Galilean boosts G; use in the proof of
Theorem 1.21 and introduced in Thought 1.19. If we employ the Wigner
transformation v — iV as in the discussion surrounding (1.29), we would
have obtained G; = td,; + d,i = td,; + ix/, which is off from our vector field
by a factor of two in the second term.

We can check by direct computation that

This commutation relation can be understood in terms of the quantum
phase space described in the discussion about (1.29). For the linear Schro-
dinger equation, we can think of it as the superposition of a bunch of waves
satisfying the dispersion relation

w = |k
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That is to say, a solution to the linear Schrodinger equation can be viewed as
a measure defined on the hypersurface {w = k| | (w, k) € R'*4). Therefore
any transformation of the (w,k) space that preserves the hypersurface
{w = |k|*} gives rise to a transformation sending solutions to the linear
Schrodinger equation to other solutions.

Particular examples of such transformations are the infinitesimal trans-
formations given by vector fields tangent to the hypersurface, especially
those vector fields W satisfying W(a) —k*) =o0. Examples of these include
the vector fields

—~ 1
W] = k]am + Eakj.

As the superposition principle (1.27) is nothing more than the Fourier

transform, we see that by Proposition 2.9 the frequency space operation W; Ref. 2.9: “Fourier transform
. . . properties: differentiation”

corresponds precisely to the physical space operation W;.

5.3 Exercise

Another example of transformations that preserve solutions are multiplica-
tion by scalar functions in frequency space. Interpret these operations in
terms of Thought 1.17. Furthermore, consider the coordinate scalars w and
kj; what are these operations in physical space? ]

Using the W; operators, we can prove an analogue of (1.24) for Schrodinger
equations. Observe that by the fundamental theorem of calculus we have

(e, )| = jaxl Dya - 0u(pp) dy
Ry

where R, ={y € R | yi < x'} as before. We can rewrite in the form
1 _
060 = [ 19.)09,2)10.00(95)
Ry
Next we use that
taxf(ql)a) = ¢ : taxfa'i'a' taxj(P
= ¢t =g XY+ P X+ P10,
)
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And hence we have

ponf=h Y [weeigan
DR,

a+p=(1,1,...

we note that @, f are multi-indices and that [W;, W;] = 0 so that the multi-
index notation is well-defined. Finally, by Cauchy-Schwarz we obtain the
global Sobolev inequality

1 a
|9b(t’x)|2 S Z ”W ¢||L2(1Rd)||wﬁ¢HL2(uzd)‘ (5-4)

t a+p=(1,1,..1)

5.5 Remark

The estimate (5.4) holds for any function with suitable regularity and
spatial decay, and not ust for solutions to the linear Schrodinger equation.
Its usefulness in studying the Schrodinger equation lies in the fact that W¢
commutes with the Schrodinger flow, and so if ¢ solves (5.1) so does W% ¢.
Therefore by the conservation of mass (L?) for the Schrédinger equation
(see Exercise 4.29), the norm quantities on the right hand side of (5.4) are
constant in time, and are determined entirely by the initial data. This
in particular shows that, similar to the conclusion of Corollary 3.29, that
|¢)(t,x)| decays like |t|d/2. [

For the remainder of this section we focus on sharpening the right hand
side of (5.4).

At first glance, one may think that (5.4) is much worse compared to
Corollary 3.29, as in the latter the bound is in terms of merely the L' norm
of the initial data and in the former W; are first order differential operators.

However, notice that at t = 0 we have Wj = %xj, and so writing ¢ for the
initial data of the solution ¢, we have that

1 a
< (2t)8 > I @olliame I @olla ey

a+p=(1,1,..1)

| (t,x)

Having dealt with the regularity, we next consider the weight: for the
right hand side in the above expression to be finite, in the case when
a=(1,1,...,1) we expect to require |x|d¢0(x) be L2 integrable, which would
indicate an asymptotic decay rate of ¢y =~ 0(|x|_3d/2) as |x| /" oo. This
decay is stronger than a typical L! decay rate of ~ o(|x[™%), and suggests
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that our estimate is weaker, insofar as spatial decay is concerned, than
Corollary 3.29.

However, we can improve the estimate by noting that by our assumption,
when |e| is large, the corresponding |ﬁ) must be small. We can balance the
two by taking advantage of the fact that we are studying a linear equations,
and using a dyadic decomposition in physical space. Let xj denote the
characteristic function of the set {|x| € [2¥,25*1). We can write

o= ZXk¢o~

keZ

Denote by ¢)(k) the solution to (5.1) with initial data y¢; we have that
#=) o
kez

For each individual piece, however, we can apply our estimate to obtain

(090 555 ) ol ol o] o

a+b=d
On the support of xi, however, |x| ~ 2k: 50 we arrive at

® 2kd/2
|¢ (t,x)| < th“Xk(POHL?

with the implicit constant independent of k. Summing over k we get finally

060 < == 3~ 242 oo (5.6)
keZ

Equation (5.6) has the correct scaling: as |x| " co, we expect ¢ to decay
like |x|_d or better. For convenience we can define the following notation:

1

q
f lysa ey = [Zzskqnxkfniz] seRqe(l,00)

kez (5.7)
Ifllyseomey = sup 2¥|xefll>  s€R.

keZ

The space Y*1 is a sequence space (see Thought 4.60); and has some simi-
larities to the homogeneous Besov spaces with the index p = 2 (see Defini-
tion 3.44).
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5.8 Exercise
Let’s make the concept of scaling precise. Given a function f on R¥, for

A € R, denote by f(x) = A f(Ax).
1. Show that [|fyll: = [If .

2. Show that ||fy|lya21 = ||fllyaz1 when A = 2¢ for some ¢ € Z. Conclude
that there exists a universal constant C such that

-1
CI llyars < llfallyarza < Clif llyarza. n

5.9 Exercise
Now, let a € R be a constant to be determined, and denote by f)(x) =
A% f(Ax).

1. Given p € [1, 0], find a such that |[fy[l;p = |If]l;».
2. Given g, find all pairs (s,q) € Rx[1, 0] such that ||f;||ysq is uniformly

(independently of f) comparable with |[f]|ysq. [

5.10 Exercise (Other decay scales)

Prove the following assertions by interpolating between (5.6) and L? con-
servation. Suppose ¢ solves the linear Schrodinger equation with initial
data ¢, then

1. “‘P(t)HLP(le) S #

ol

_d_d
Yoo (Rd) where 0 = 5 b

2. “({)(t)HY%Z(W) < [l o yordy Where o € (0,d/2).
(Hint: the expression (4.63) is useful; for the second part you will need to
p 3 party
prove, as a first step, the embedding relation L® < Y~4/2 ) [

5.11 Remark

The second result in the previous exercise can be interpreted as a state-
ment concerning “decay of local mass”. Observe that the norm ||f||ys. is
comparable with the norm |||x|sf||L2. When s is negative Y2 is measuring
how concentrated the mass density is around the origin, while when s is
positive Y52 is measuring how diffused the initial mass distribution is over
large scales. So the conclusion of the previous exercise states that for initial
mass distribution that is concentrated (not distributed over large scales),
the solution cannot remain concentrated forever. This is exactly in concert
with our physical expectations: by the Heisenberg uncertainty principle,
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an initial mass distribution that is concentrated near the origin must have
a frequency distribution that is spread out; so the entire distribution will
quickly disperse leaving only small amounts near the origin. ]

5.12 Exercise (Integrated local energy decay)
Suppose ¢ solves the linear Schrodinger equation with initial data ¢,
prove that for every o € (0,1),

”‘P”Lf/‘fyfﬁl s ”(PO”LZ' ]

In the last part of this section, we show how to recover the L[> decay
of Corollary 3.29 starting from the estimate |¢(t,x)| < |t|7d/2||qf)0HYd/z'1. First

we observe that this implication is not trivial, as L'(R%) does not embed
into Y#21(RR%).

5.13 Exercise
1. Show that Y%/21(R%) embeds into L' (IR%); that is to say, show that
there exists a universal constant C such that

”f”L](IRd) < C||f||yd/2,l(1Rd)-

2. Show that there exists a function f € L' (R?) such that f ¢ Y#?1(R).
|

The key observation to make is that L* is translation invariant, but not

Y#21, So if we optimize via translations, and exploit the linearity of the  This is a variation of the

solution operator, we can hope to further sharpen the inequality. “polarization argument”.
Let 7, be the operator 7,f(x) = f(x+y). Exploiting the translation

invariance of the L norm we have that (5.6) implies

1.
loOll = it l1sdollyan

Thus if ¢, are two solutions with data ¢, iy, we have
1 . .
||¢(t)+ llb(t)”Loo < |t|T/2 y1$d||7y¢0||yd/2,1 +y}£ﬂ£dHTy’¢0”yd/2,1 .

Notice that the terms inside the brackets is bounded above by “4)0 + libOHYd/Z.l ,
and is generally somewhat smaller, especially if ¢y and ¢y have disjoint
support.
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Now approximate a given ¢ € L! by simple functions, which here we
mean a finite linear combination of characteristic functions of cubes; given
a simple function which we can write as

N

Zﬂlek(x)

k=1

we see that it suffices to estimate
inf ||7,1 .
yele” Y Qk||yd/2»1

But this can be directly computed to be bounded by Hle ||L1. And hence
for ¢ being a simple function we have

1
o0l 5 czelonl

Taking limits we arrive at our conclusion.

5.14 Exercise
Let Q be a cube. Prove that there exists a universal constant C such that

yielllRfd”TVlQ“Yd/z,l < CHIQHLI'

(Hint: Can you guess a good y?) [

Klein-Gordon and Wave

Next we consider the Klein-Gordon family of equations

o5 —Ap+M> P =0; (5.15)

where M € R is the particle mass. In the case M = 0 the equation reduces
to the linear wave equation. We introduce the D’Alembertian symbol

0= -0} +A¢ (5.16)
for the principal part of our operator. Geometrically the D’Alembertian is
the Laplace-Beltrami operator associated to the Minkowski metric on R*4,
Our computations and constructions below are rooted in an understanding
of Lorentzian geometry; however the calculations themselves can be verified
without this background knowledge.
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5.17 LEMMA
The following vector fields commute with the linear evolution (5.15):

* Space-time translations d;, d,1,...,0,4.
* Spatial rotations Q;; = x'dj—xId,.

* Lorentz boosts L' = td,i + x'd;. ]

5.18 Exercise
1. Verify the commutation properties of Lemma 5.17; that is to say,
letting V denote any of the vector fields listed in the Lemma, show
that V(Q¢ — m?¢) = (- M?)V ¢.

2. Write down the frequency-space dispersion relation for (5.15).

3. Verify that the operators in Lemma 5.17 correspond to frequency space
transformations that preserve measures whose support are given by
the dispersion relation found in the previous part. [

5.19 Remark

In addition to interpreting the vector fields in Lemma 5.17 as symmetry
properties of the physical laws, and as operators tangent to the Fourier
support, we can also interpret the vector fields as symmetries of the un-
derlying Minkowski metric. That is to say, on Minkowski space they are
Killing vector fields. [

Now recall the method as we discussed for the Vlasov and Schrodinger
equation: to prove dispersive estimates we rely on two ingredients: first
is a conservation law and second a weighted Sobolev inequality. For the
Vlasov and Schrodinger equations, using that the G; and W; operators are
essentially tangent to the level sets of the time function t, we use adapted
Sobolev inequalities on such slices. Note, however, the natural candidate
to provide temporal decay in the wave and Klein-Gordon equation cases
are the t-weighted vector field corresponding to Lorentz boosts; they are
not tangent to the constant t hypersurfaces. Instead, we are led to consider
Sobolev inequalities on hypersurfaces to which L' are tangent.

5.20 (Geometric setup) Using that L' is geometrically a symmetry of Min-
kowski space, we expect it to be tangent to level sets of the Minkowski
distance. Indeed, consider the function % — |x|2, then one easily checks that
Li(t2-|x|?) = 0. We will focus our attention on the level sets with t2—|x|* > 0,
that is, the future of the expanding light cone emanating from the origin
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of Minkowski space. On this set we define the function © /2= |x)*, and
denote by X, its level sets; note that they are hyperboloids that asymptote
to the cone 2 = |x|°.

We note that the vector fields {L!} are linearly independent, and since
there are d of them they must span the tangent space TX .

For computation, we choose a coordinate system for the set {t* > x|}
Let

(T,p,@)e]RJr><]R+><Sd_1 (5.21)

(where we identify $%~! canonically as a submanifold of IR?) be the coordi-
nate system defined by

t = Tcosh(p), (5.22)
x = tsinh(p)- 6. (5.23)

Relative to this coordinate system, the Minkowski metric takes the warped-
product form

d
m=—dt?+ Zol(xi)2 > —d7?+ 12 dp? + % sinh(p)? d6? (5.24)
i=1

where by d6? we refer to the standard metric on $471.
We will write h, and (h;)”! the induced Riemannian metric and its
inverse on X; they have the coordinate expressions

h, = t*(dp? +sinh(p)* d6?), (5.25)
L1 1
(he)™ = p(ap®9p+mae®9a): (5.26)
where dy ® dg is the inverse standard metric on $9-1. 1

5.27 (Representation of the metric) Observe that
L'®L =(x')20,80, +x't(0,®0,i +0,i ;) + 120, ® D

— Y L'®L =r%0,®0,+1t(0,®0, +0,®0;) + 129, ® 0,

d
i=1

d
+12 Zaxi ®d,i—d, ®9,

i=1

t2
:%®%+ﬁ%®%
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and hence
h
ZL’ ®L =9,®d,+ cos 2(9)
i=1 sinh (P)
On the other hand we have

ZQ” ®Ql] = Z(xi)23x (x]) a —x x](axl ®ax/ + ax] ®8x1)

i<j i<j

=2 Zaxf ®d,i—120,®0,

89@99. (5.28)

which implies

(t2h,) +ZQ,]®Q,] ZL’@Ll (5.29)

i<j

We remark that 772k, is the metric on standard hyperbolic space HY.
Furthermore, the coercivity properties above implies that, with V the Levi-
Civita connection on ¥, relative to the metric h,, we have

d
P12
(VF Ve, <) US| (5.30)
i=1
We will make use of this inequality in our formulation of the generalized
Sobolev inequalities. bl

5.31 (Commutators) We will let Z denote the set {L’, Qijlijeqt,.,ay, and Z

,,,,

a generic element. We note that under commutation Z forms an algebra:

(L', U] =0y,
[Qi, Q] = Qi
[L,Q;]=L. 1

An application of the Sobolev inequality on the unit disk gives the
following version on a bounded region of hyperbolic space.

5.32 PROPOSITION (SOBOLEV INEQUALITY)
Let f be a function defined on hyperbolic space H?, which we represent in

polar coordinates (p,0) € R, x $%-1. Then we have
2
2 2 . _
sup|f(p,0) < ) f J |V £, sinh(p)?~" d6 dp;

5
p<3 k<|£]+10 gi-1
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h is the standard hyperbolic metric, and V is the Levi-Civita connection.m
Combining this estimate with (5.30) as well as the fact that cosh(p) is
bounded above and below on p € (0,2) we have the following corollary.

5.33 COROLLARY
Let f be a function defined on ¥, ¢ R'*?. Let £ € R. Then

sup|f(T,p,6)|2cosh(p)€ST_d Z J.cosh(p)€|L“f|2dvolhT.
p<3 lalsL4 1415, =

5.34 Remark

We note that the L’ do not pairwise commute, as [L},L/] = Qjj; so here a
is not really a multi-index. We’ve abused notations and the sum is in fact
over all possible permutations of strings of L'LJ --- L¥ of no more than L%J +1
symbols. [

Proor We note first that the intrinsic metric on ¥, is conformal to the stan-
dard hyperbolic metric, and so they have the same Levi-Civita connection.
This implies that by Proposition 5.32 we get

suplf(r,p,0) 5 ) f V5 £y, dvol -,
b3 k<L§ 141z, nlp<2)

By (5.30) we can replace the metric norm
V5 F sy, < Y I
|a|<k

here we implicitly used that when p < 2 the quantities in the lower-order
terms |VL,~LJ )1-2 ,. have universal bounds, and the L' are close to orthogonal.
T

The upper-and-lower boundedness of cosh(p) implies we can insert
those factors into our estimates with impunity, and finally we can expand
the domain of integration to the whole of ¥; and rescale to the induced
metric to deduce the desired inequality. ]

On p > 1 we can also use a different estimate. The Sobolev inequality
on the half-infinite cylinder states that

2
swplrpolf s ) | [ 1ors dodps (5:35)
p>43 la<d/2J+17 giny

here we use multi-index notation a. This implies
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5.36 PrROPOSITION
Let f be a function defined on £, ¢ R'*?. Let £ € R. Then

suplf(r,p,6)2|cosh(p)ﬁ”l*1 <t Z Jcosh(p)€|L“f|2dvolhT.
P>% IalsL%JHET m

Proor We apply (5.35) to the function f cosh(p)?/?sinh(p)"~1/2. We ob-
serve that when p > 1 both cosh(p) and sinh(p) are uniformly comparable
to e?, and hence we have the weighted version

2 . —
sup|f(p,9)) cosh(p)€s1nh(p)d l<
p>43
cosh(p)¢|9% f|* sinh(p)?~! d6 dp.
lal<ld72)+17 gils IR

dVOlr-Zh,

Next, observing that both Bp and dg can be expressed in terms of 7L, and
that the coefficients x/r have bounded derivatives (along ¥.) to all orders
away from p = 0, we conclude that

0P ) nefr
lal<|Bl

So doing another rescaling after expanding the domain of integration to
cover the entirety of X, we recover the claimed Sobolev estimate. O

Putting everything together we have the following theorem.

5.37 THEOREM (GLOBAL SOBOLEV INEQUALITY)
Let f be a function define on the region {t? > [x|*} ¢ R"*? and ¢ € R, then

|f(T, 0, 6)|2 <t cosh(p)t=4-¢ Z cosh(p)élL"‘f|2dvolhT
la<[ 4 1+13,
provided the integrals converge. [ ]

Having obtained the requisite Sobolev inequality, we turn our attention
to the derivation of the conservation laws that will enable our use of The-
orem 5.37. For the Klein-Gordon equation, we can define the associated
stress-energy tensor

def 1 2 1
Quj & 20093 = 3maglddl, ~ gmaph’e® (538)
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Here m is the Minkowski metric defined in (5.24). If we compute its
divergence we get

_ (M) _
(m™)79),Qup’ = 0PI+ (m™) " 90, ¢
1, _ 2
- S ) g ([dof), + M)
—,——
:aﬁ
= (0¢ + M>$)ds.

Hence if ¢ solves (5.15), then Q%) is divergence free. As d; is a constant
(parallel) vector field on Minkowski space, we have then that, defining

Opr & (1)o7 QB9 = Q(,, o) (539)

the vector field ()P is divergence free.

5.40 LEMMA
Let X be a future causal vector, that is to say, X = Xyd; + ) X;d; with Xy >0

and (Xp)? > Y.(X;)?, then <X,(8f)P>m >0. |

5.41 Exercise
Prove the preceding lemma. (It is an exercise in completing the square.) m

Consider the region
D E{(t,x) e R | t>0, > <t?+|x)?)

sandwiched between {t = 0} and X,;. Applying the divergence theorem to
JDT div(9)p dvol, we obtain the following estimate.

5.42 PROPOSITION
If ¢ solves (5.15) with initial data in &, then

V[(Q(al‘,ar[)dvolh_r < J Q(at,at) dx.
5,

{0}xR? [ |

Proor Consider the subregions

DLED N {(t,x) e R | x| < p—t).
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Their boundaries we denote by

def

Er,y = {t2 - |x|2 = Tzr x| <p— t},
R, Z{(0,x) ] |x| < pul,
Cop P <t?-x2 0<t= u—lx|}.

The divergence theorem states that

J. Loy pdvol,, = 0.

Yo ptRy+Co

(Observe that the interior product s, pdvol,, is an n-form and can be
integrated over an n dimensional submanifold carrying the induced orien-
tation.)

Along ¥, the space-time volume form dvol,, can be expressed as

dz Advoly,

and so the integral along ¥, , can be written as

f Loy pdvol,, = f (a‘)P(T)dvolhT = j Q(dy, dy)dvoly, .

Er,y ZT,M ):7,;4

Similarly, factoring dvol,, = dt A dx, and observing that change of orienta-
tion which contributes a minus sign, we have that

Jl(at)PdVOIm =- f Q(d;, ;) dx.

Ry [x|<p

Finally, we observe that as a consequence of Lemma 5.40, the integral

J Ly pdvol,, > 0.
Co
Therefore we have the uniform estimate

[ enonavon, < [ o@uonars | a@,onax

oy t=0,x|<p {0}xR?

Taking the limit y " +oc0 concludes the proof. O
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For convenience, given ¢ a solution to (5.15), we denote by

BOE f Q(@,,3,)d (5.43)

0}xIR4

the total initial energy. Note that if ¢(0,x) = ¢o(x) and 9;(0,x) = p;(x), we
have

€101 5 [[Vaollz + [1]].2 + Mol .

It remains to see what Q(d;, d.) evaluates to; its coercivity is crucial in
applying the global Sobolev inequality. For this, it is convenient to express

d; = cosh(p)dy — 17! sinh(p)d, (5.44)

using the hyperboloidal coordinate system introduced earlier. Then we
have

Q(01, 9r) = cosh(p)Q(dr, ) — 7~ sinh(p)Q(Jp, Ir).
The second term is easy: since d, and d, are orthogonal we have that
Q(9p, 7) = dppd- .

For the first term, as d, is a unit time-like vector, we find

Q(dy, ;) = < 0+ =—(9pP)” + 2| dod|’ + = M ¢°.

272 smh

Combining the two and completing the square we get

cosh(p) 1 2
Q9= Forgianipr 09!+ Tercomig) % ?)
| o1 _ sinhip) 5 )
+ 2cosh(p)M o+ ZCOSh(p) dep Tcosh(p)ap(l)

Now, going back to (5.28), and the decomposition (5.44), we have that

[\/]&

Q(dr, 04) =

272 cosh(p) cosh

1l
—_

* Zeoship) 1 + 3 cosh(EIM2P2.  (s5.45)
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5.46 Exercise (Klein-Gordon decay)
Suppose ¢ solves (5.15) with M = 0. Using (5.45) as well as Theorem 5.37,

prove that within the region {¢* > |x|?} we have the uniform estimate

o0 sz Y €lrgl

la|<| 4 J+1
provided that the right hand side is finite. ]
5.47 Remark
We note that in the previous exercise, on the level of initial data we need to
control up to d/2 + 2 derivatives. [

In the case of wave equation, the energy does not (obviously) control
the L? integral (though as we will see later some control is possible) due
to the lack of an M term. Instead we find the decay through the derivative
terms in (5.45).

5.48 THEOREM (WAVE EQUATION, DERIVATIVE DECAY)
Let ¢ solve (5.15) with M = 0. Then within the region {t* > |x|2} we have
the uniform estimates

Vowals o Y entel

la < £ J+1

1
)] < E[L ],
e | Vit = [t |a|<LZ‘§]+1

provided the energies on the right hand side are finite. [

5.49 Remark
We can compare the rates to what is proved in Theorem 3.46. Aside from the )
fact that our estimate only prove decay at the level of the first derivative, f;]: oi?iiiqsizlfhnggg Vif decay
and not at the level of the solution itself, we see that we are, morally guation”
speaking, using the same number of derivatives on the initial data. In
terms of the decay rate, first examine that for d;¢: the decay proved here
is slightly sharper than Theorem 3.46. In addition to the expected t\@~1//2
decay (contributed by the factors t"/?71\/t +|x]), we see that there is an
additional decay away from the light cone, when ¢ —|x| is large.
For the L' derivatives, we note that since L = tdy + xd;, it has “length” at
least t when regarded in Euclidean coordinates. So naively we would expect,
based on the Theorem 3.46, that L¢ should decay like #(d=3)/2 What we
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proved is the better decay rate of t?~2//2; this phenomenon is well-known

for the wave equation, that while “generic” derivatives of the solution decay
at the rate t~17/2, the derivatives in certain “tangential” directions decay
faster like t%/2.

This can be explained also from the stationary phase point of view.
Ref. 3.10: “Van der Corput:  Going back to Lemma 3.10, we see that the obstruction to not being able to
stationary case, k=2"  ryn Lemma 3.8 lies in not being able to generically divide the amplitude ¢
Ref. 3.8: “Van der Corput: DY the gradient of the phase function 1" when integrating by parts, when
non-stationary case” 1" has no lower bound. If, however, ¢ vanishes precisely on the zero set of
#’, then the division can be carried out and we can improve the 1/VA decay
rate in Lemma 3.10 to 1/A since we can now integrate by parts once with

¢/’ still bounded.

Recalling that differentiation in physical space is the same as multiplica-
tion by coordinate functions in Fourier space, we see that if the derivative
is such that the corresponding multiplier vanishes precisely at the critical
points of the phase function when evaluating the stationary phase argu-
ment, we expect a gain of at least t/2 decay rate for the solutions of the

wave equation in the same manner as described above. [ ]
5.50 Remark
To be slightly more precise: consider the “angular derivatives” r~! Q;j; these
are “length one” derivatives. Using that
XX
Q= —L-=r
r r
we see that
1 0 < 1
z ijf(tx)] < P
Furthermore, using that at p = 0 we have Li= t8xi, we have that
1
19f (£,0)] < an
(Note that this is a bit weaker than the rate found in Exercise 3.27.) [

Proor (THEOREM 5.48) First let us consider the decay estimates for L.
Observe that the conserved energy controls

N 1 i
J 21—2 COSh(p) Z(L (P)deOlh.[ < JQ(at, a—[)dVOIhT. (551)

Ze Ze
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Considering the energy estimates for L ¢ we have control over

d
iTa
chzcosh L L dVOlhT.
T, 1:1

If we sum over all o with length at most |d/2]+1, the above will also control

d
J—Tzcolsh(p)z Z (LPL!p)*dvoly,,

= =1 pl<1g 41

without needing to commute operators (and thus simplifies the argument).
Therefore we have that, by Theorem 5.37,

Slgwpof s Y il

74 cosh 2
?) |Bl<L51+1

Our claim follows after noting 7 cosh(p) = t.
The estimate for d;¢ is slightly more involved. The conserved energy

controls
a a 112
E JZcosh (9L ¢)*dvol,, < E E[LYP].

lal<L§ +15, jal<4J+1
In order to apply the global Sobolev inequality, we need instead to control

L 2
Z Jcosh LE0p) dvoly,,

la|<| £ J+15,

with the position of L% and d; swapped. Therefore we need to consider the
commutators. We can first compute

[Li, at] = —axi,
this requires us to then further compute
(L), 0] =~5;;0;.

By induction we see then

d
9,0 s ) |oiLfgl+ Y ) |ouLle|.

|B|<lal |B|<lal-1 i=1
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Using that

ERES %(Li—xlﬂt)

and x'/t <1 in our region of consideration, we get

IL“atqﬁlslﬁlZH(arLﬁﬂ Tcosh eosnpr ¥ ¢

The latter term is controlled by -
we conclude that

1 a 2
Z fcosh(P)(L APy dvoly, <

laf<[41+15,

d
1 a a
Z. _[cosh(p)(atL qb) T cosh — LL dVOIh’

|a|§|_%]+1):T i
< ) EgP

, using that cosh(p) > 1. And hence

la| <[4 J+1
So by the global Sobolev inequality we get that
] s s Y EgP
74 cosh(p)d-2 -
la|<|5]+1
as claimed. O

It is also possible to get some decay for ¢ itself, without any derivatives,
when working in dimension d > 3. We will require the following Hardy-
type inequality.

5.52 LEMMA (HARDY’S INEQUALITY)
Let f:[0,00) — IR be a function with compact support (f is allowed to be
non-vanishing at 0). Then

(o)

J‘f(p)2cosh(p)sinh( ) ldp< — ff cosh

0 |

2 sinh(p ya+l
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Proor We note that
[ ants o sinhipr) ap =0
0

by the fundamental theorem of calculus. So we have

a jf(p)z cosh(p)sinh(p)*~! dp < 2jf(p)f'(p)sinh(p)“ dp|.
0 0

Cauchy-Schwarz on the right implies

(o]

a Jf(p)2 cosh(p)sinh(p)a‘_1 dp <
0
(o] 2 (o] %
2 : a-1 ,,2sinh(p)*+!
2 ff(p) cosh(p)sinh(p)*™" dp Jf (p) cosh(p) de| ,
0 0
which simplifies to the claimed inequality. ]

An immediate consequence of this inequality is the following spectral =~ On R?, the spectrum of the
gap property: Laplacian goes all the way to

zero, and hence there are no
5-53 COROLLARY uniform estimates of the L?
Let d > 3, then

norm of a function by its H!

norm. On H9, on the other

hand, the spectrum of the
lacian has a “gap”, and so

1, 4 T Lap ;
J cosh(p)¢ dVOlhT < (- 2)2 J COSh(p) ;lL qb‘ dVOlhT. H*" is strongly coercive on L*.
o o - |

This in turn implies

5.54 THEOREM (WAVE EQUATION, SOLUTION DECAY)
Let ¢ solve (5.15) with M = 0, then within the region {t? > |x|?} we have the

uniform estimate .
a
‘¢| S pd/2-1 Z EIL7l
laf<L§ J+1 ]
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This is not a coincidence. On a
general Lorentzian space-time,
for every conformal Killing
vector field X there is associated
a conserved quantity called a
“modified current”. See, e.g.
Klainerman, “A commuting
vectorfields approach to
Strichartz-type inequalities and
applications to quasi-linear
wave equations”.

5.55 Remark
This rate is not quite optimal; we expect a decay rate of +4~1/2 which is %
better. We will deal with this in the next section. [ ]
5.56 Exercise
Prove Theorem 5.54. [

Wave equation: improved decay

For the wave equation case where M = 0, and where the initial data has
compact support, we can in fact do slightly better by replacing the vec-
tor field d; in the definition of the conserved energy by the inverted time
translation vector field

d
KE (2 +x)9, + Zthiaxi. (5.57)
i=1

The K vector field represent a conformal symmetry of the Minkowski space:
consider the mapping

(t,x) >

(t,x)

—t2 +|x|?

which is the Minkowski-space analogue of the conformal inversion. (On
Euclidean space the conformal inversion is the mapping x x/)x|? in-
terchanging the interior and exterior of the unit sphere.) Note that this
mapping squares to the identity. The K vector field is the pushforward of
the d; vector field under this mapping, and by conformality is also globally
future-causal.

It turns out there is a conservation law associated to K. Define the vector
field

df 1\ d-1 d-1
Cpr = (mt)*r QaﬁKﬁJrTfaa(‘Pz)—T(PZaat : (5-58)

5.59 Exercise (Modified Morawetz current)
Check that if O¢ = 0, then the vector field (K)P is divergence free. [ ]

Therefore we can integrate div!X)P over a space-time region in R'*¥ and
use the divergence theorem to conclude that we have conserved fluxes.
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Because of the presence of the lower order terms in the modified current,
the positivity of the associated energy flux is not simply an application
of a variant of Lemma 5.40. For convenience we will assume that we are
prescribing initial data at t = 2, and the initial data is such that the support
of ¢ and d;¢ at t = 2 are both contained in the ball of radius 1. By finite-
speed of propagation, the space-time support of ¢, in the half-space {t > 2},
is contained within the set {(t —1)? > |x|?}. This implies that on each ¥,
with 7 > 2 the solution ¢ and its derivatives have compact support, and
hence we conclude the following exact conservation law without needing
to argue with an approximation procedure as we did in Proposition 5.42.

5.60 PROPOSITION
Suppose that O¢ = 0, and such that when t = 2, the support of ¢(2,x) and
d:(2, x) are both contained within the unit ball. Then for every T > 2

[(@np) avot,, = [ (2,7) ax.

p t=2,|x|<1 | |

The term on the right is an “initial data quantity” which we will refer to as

é[cp]“éf( f <8t,(K)P>mdx);. (5.61)

t=2,|x|<1

We note that £[¢] is controlled by L:2(8t¢)2 + |Vq§|2 + 2.
It remains to see what quantities are controlled by <8T, (K)P>m. Expand-

ing from the definition we have

= rcosh(p)ar(9) - T+

<8T,(K)P>m =Q(K,d) + ¢ cosh(p).

We observe that

K = t*cosh(p)d, + tsinh(p)d,,

with which we rewrite

K¢ -2

(9., 99P) = Q(K,0;)+ d;
d-1 -1 1.
= QK,d0) + ——K(¢?) = —~9, [sinh(p)$?].

! [sinh(p)d,(¢?) + b2 cosh(p)]
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Integrating over ¥, with the induced measure we get

f(BT,(K)P>de01hT = f J (Q(K, 90+~

pa 0 gd-1

LK (¢?)
d-1_ 1. 21\ d d-1
- T(?p [smh(p):j) ]) ¥ sinh(p)?~" dO dp.

Integrating the final term in the bracket by parts, we have that d, hits the
volume form to give

- [ [ (ema0+ kg
0 Sd—l
+ _2 ’ cosh(p)¢2) ¥ sinh(p)?~! do dp.

The integrand we can now factor, using

Q(K, d;) = T2 cosh(p)Q(dy, ) + Tsinh(p)Q(&T, d,)

+sinh(p)d.¢pd, ¢
1 .
= Wh(p)[(r[ cosh(p)d ¢ + smh(p)(?pq&)2 + (ap¢)2
cosh (p)
smh (p) 2’ 9({)| ]

ﬁ[ (Ko)? ;(Li@z]-

We obtain that

(d- )2

Q(K,dy) + cosh(p)¢p?

K<¢>2>
d
2cosh Z 2T2cosh( )(K¢+d Drcoshpd). (5.62)
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This shows

2cosh(p) 4
. !

d
J; (L'p)? dvoly,, < E[¢]. (5-63)
=1

Comparing (5.63) against (5.51), we see that the estimates derived from the
K vector field has a gain of additional factor of 72.

As a consequence, we can improve Theorem 5.48 and Theorem 5.54 to
read

5.64 THEOREM (WAVE EQUATION, IMPROVED DECAY)

Let ¢ solve O¢ = 0 and take d > 2. Suppose when t = 2, the support of
¢(2,x) and d;¢(2, x) are both contained within the unit ball. Then for every
t > 2 we have the uniform decay estimates

A 1 .
(@d=2|p|+|Lp(t )| s = > EL%¢].
(d-1)/2 [y —
g BT n
5.65 Remark
Note that not only did we recover the uniform t¢~1/2 decay rate for ¢, we

also have a gain of extra t1/2 when moving toward the interior. Furthermore,

recalling that L' is essentially a “length t” derivative, we see that the above
theorem guarantees that tangential derivatives decay one full t~! better
than the solution itself. ]
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Chapter 6

Nonlinear Applications: a
Tour of Wellposedness

In this chapter, we will discuss the meaning of well-posedness of an initial
value problem, and apply the theory developed thus far to study the well-
posedness of some nonlinear examples. For simplicity of the computations
we will limit our discussion to Schrodinger equations, but one can easily
imagine analogous results for other dispersive equations.

We will limit our discussion here to semilinear problems. The landscape
of nonlinear partial differential equations can be largely classified in ac-
cordance to some measure of how nonlinear the problem is. Consider the
general form of a nonlinear partial differential equation of degree k on R”:

F(x,u,Du,...,Dku):O (6.1)

where F is some smooth function of its arguments; Du,...,Dku represents
the arrays of higher order derivatives of u. Typically we say that the partial
differential equation (6.1) is fully nonlinear when the dependence of F on
its final group of arguments (those that corresponding to D¥u) is nonlinear,
even with the rest of the arguments held fixed. The partial differential
equation is said to be quasilinear when F can be schematically factored as

F(x,u,Du,...,Dku) = Fl(x,u,...,Dk_lu)+F2(x,u,...,Dk_1u)'Dku;

in other words, it has linear dependence on its final argument, but the coef-
ficient may depend on the lower order terms. Finally, the partial differential
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equation is said to be semilinear when F can be written as
kN _ k-1 k..
F(x,u,Du,---,D"u) = Fi(x,u,...,D" "u)+ Fy(x)- D*u;

that is, it has linear dependence on its final argument, whose coefficients
are independent of the lower order derivatives of the unknown u.

One of the main simplifications afforded by semilinear equations is that
Duhamel’s principle may be used to reformulate its corresponding initial
value problem as an integral equation. And this will be our starting point
of discussion.

Duhamel and the contraction mapping argument

Let us start with the formulation for ordinary differential equations. Let
X : R¥ — RR¥ be some linear operator. A typical problem is to study the
linear, inhomogeneous ordinary differential equation

$'(t) = X(t) + F(1) (6.2)

and examine solutions ¢ : R — R¥; here F : R — IR¥ is some given function
that we will call the “source term” or the “inhomogeneity”. In the case of the
homogeneous equation, where F vanishes, the solution to the corresponding
equation can be written in terms of the matrix exponential

P(t) =X P(0)

where

o
.
ei‘X — _X]
— ;!
j=0
converges absolutely for all t given any fixed X.
In the inhomogeneous case, the matrix exponential can be used in

method of “variation of constants”, which is also called Duhamel’s principle.
Observing that

[ X ()] = X/ (1) - XX (1),

we can rewrite our original equation as

[ ()] = X E().
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Integrating in t on both sides we get

t
e Xp(t) = p(0) + jeSXF(s) ds,
0

which we can rearrange to read

t

P(t) = X (0) +fe(t5)XF(s) ds. (6.3)

0

In the case of ordinary differential equations, the two formulations (6.2)
and (6.3) are equivalent. This allows us to reformulate the theory of semi-
linear ordinary differential equations in terms of the corresponding integral
equation. In particular, suppose F : RF — RF is an arbitrary (continuous)
function, then solving

¢'(t) = XPp(t) + F(p(1))
is the same as solving the integral formulation

t

B0 = 9(0)+ [ () ds. (6.4)

0

Using this formulation, we can prove a simple version of the Picard exis-
tence theorem.

6.5 THEOREM (P1CARD)

Given the operator X; suppose F : R* — R is Lipschitz continuous with
constant L. Then there exists a T > 0 such that for any ¢, there exists a
unique continuous function ¢ : [0, T] — RF satisfying (6.4). [

Proor Given i a continuous function with values in RF, consider the

mapping
t

Qi) = o + f lIXE(p(s)) ds.

0

Then the function ¢ solves (6.4) if and only if Q¢ = ¢.
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Considering 11, 1, two functions. We have that

t

Je(ts)X[F(lpl(s))—F(le(S))] ds|.

0

|Qu1 (1) - Qs (1) <

Writing |X| € R the operator norm of X, we have

t
Q1 (6) - Qo (8)] < fe“—”'x'lF(zpl (5)) ~ F(a(s))] ds.
0

By Lipschitz continuity we get

t
QU1 ()~ Qua(h)] < Lfe“)'x'lwl(s)—ebz(s)( ds.
0

Now, choose T sufficiently small such that

X|
Xl ¢ q 4 XL,
¢ 2L

Then, taking supremum of ¢ € [0, T] we get

sup [ Q1 (1)~ Q)] < 5 sup [ (1)~ paln)].
] t€[0,T]

te[0,T

Thus Q acts as a contraction mapping on the space CO([O, T];]Rk), and by
Banach’s fixed point theorem has a unique fixed point. O

6.6 (Lipschitz dependence) Now suppose ¢y and ¢, are two different
initial data. Let ¢, ¢ be the corresponding solutions. We can estimate,
similarly to the proof above,

t

16(6)— p(0)] < | (b0 - 90 +fe“-”'x'|F<¢<s>>—P(<p<s)>| ds
0

< ethl‘qbo - (p0| + LJ-e(“‘S)lX| |q§(s) - (p(s)| ds.
0
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by Gronwall’s inequality this implies

L
|(8) = (1)] <o — o] -exp | t1X] + m(el‘lxl —1l.
In particular, we conclude that the solution mapping
R* 5 ¢ - ¢ € C([0, T RF)

is Lipschitz continuous. 1

6.7 Remark
Gronwall’s inequality in integral form states that if u, a,  are continuous
functions, with § > 0 and a non-decreasing, such that

t
u(t) <a(t)+ | B(s)u(s)ds,
]

then

u(t) < a(t)-exp| | B(s)ds|.
I

The discussion above can be generalized to partial differential equations,
especially in the semilinear case, by thinking of the partial differential
equations as an ordinary differential equation on a Banach space. We
outline the method in the case of Schrodinger equations. Instead of the
linear Schrodinger equation, we would be interested in the equation

i0:p = 5p+ F(¢, ) (6.8)
where F is some pointwise function of the unknown ¢ and its complex
conjugate ¢. Formally, we can take the inhomogeneity to be the function
—iF, and the linear operator X = —iA. The solution operator e'X is given by
the solution operator U(t) to the linear Schrodinger equation:

Sch
U(t)do = Gy % o,

Observe that the solution operator is formally a one-parameter group, with
U(t)U(s) = U(t +s). So we interpret “solving (6.8) with initial data ¢¢” to
be the same as solving the corresponding integral equation
t
o(t) = U(f)ci)o—i_[U(t—S)F(fP(S)@(S)) ds. (6.9)

0

By focussing on a concrete
equation for which we have a
theory developed for its
corresponding linear solutions
(for data in F), we can sidestep
some of the issues of functional
analysis that can come up for
abstract evolution equations in
Banach spaces. See Cazenave
and Haraux, An introduction
to semilinear evolution
equations for a more detailed
treatment of these problems.
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6.10 Remark (A word on the physics)

The nonlinear Schrodinger equation does not directly model any quantum
behavior; in fact from the physical point of view, quantum evolution has to
obey the principle of superposition, and cannot be nonlinear. The equation,
however, arises from many physical systems. One of the main applications
in which properties of nonlinear Schrodinger equations are studied is signal
propagation in optical fibers. Another is the modeling of multi-particle
quantum ensembles, such as the Bose-Einstein condensate, via the mean-
field approximation. ]

6.11 Exercise
1. Let X : R¥ — IR¥ be a linear mapping.

(a) Derive an explicit formula for the solution to the equation

¢"(t) = Xp(t)
for ¢ : R — R¥, with initial data ¢(0) = ¢g and ¢’(0) = ¢.

(b) Apply Duhamel’s principle to obtain an integral expression for
the solution of the inhomogeneous equation

¢"() = Xep(t) + F(1).

2. Applying the result from the previous part, combined with the dis-
cussion surrounding Exercise 2.49, write down the integral form of
the equation

P (t,x) = AP(t,x) + F(t,x),

in analogy to (6.9) for the Schrodinger equation. [

6.12 (Wellposedness) In this setting, the main questions to be addressed
are those treated above for the case of the ordinary differential equation,
namely the existence and the uniqueness of solutions, and whether the solu-
tions depend continuously (or in a Lipschitz fashion when available; typically
for quasilinear problems only continuity is available, while semilinear
problems often allow Lipschitz continuity) on the initial data.

Unlike the case of the ordinary differential equations, where at every
time t the solution lives in IR¥ and thus have essentially a canonical topology
with respect to which to measure continuity, in the case of the partial
differential equation the choice of function spaces is a big issue. And a
theorem on wellposedness of an initial value problem requires, as part of
the statement, a choice of a function space which contains the allowable
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initial data, as well as a choice of function space in which the solution exists.
This issue will be discussed a bit later in our examples.

There is also a distinction between local-in-time and global-in-time re-
sults. The former are stated in a similar fashion as Theorem 6.5, that for
any initial data there is a corresponding minimum time of existence T of
the solution. The global-in-time results are precisely those in which, with
the possibility of added hypotheses, the time of existence is infinite. 1

6.13 (Local-in-time results) The key idea to proving local-in-time results
is that of approximate solutions. Typically one builds a solution by con-
structing a sequence of approximate solutions such that the limiting object
would be, if it exists, a bona fide solution. Many choices of approximation
schemes are possible. Here we describe a few.

1. In the semilinear situation, Picard’s iteration scheme, which is used
in the proof of Theorem 6.5 and is based on the contraction mapping
principle, is commonly used. In this scheme one solves a corre-
sponding linear homogeneous problem, and builds the sequence of
approximated solutions by using, as the inhomogeneity in the nth
step, the approximation from the n — 1st step. The smallness that is
required for the contraction mapping is extracted from the smallness
of the time of existence.

2. In the quasilinear setting, Picard’s scheme is often too rough; while
in the semilinear case one can get away with using the same linear so-
lution operator, in the quasilinear case one usually needs to linearize
the equation about the current approximation to best compute the
next approximation (think: Newton’s scheme). Convergence issues
is tricky: depending on the situation sometimes one can use com-
pactness arguments, and other times careful regularization would be
required.

3. Another method is that of the Nash-Moser implicit function theorem.
Roughly speaking, with a suitable rescaling, frequently a local ex-
istence result for a nonlinear problem can be re-written as a result
stating that “for all sufficiently small initial data, there exists a solu-
tion that exists up to time T = 1”. Rewriting the small initial data as
€ times a size 1 data, one can rewrite solving

F(x,u,Du)=0
with initial data eu as the family of problems

G(e,x,u,Du)=0

165

Picard’s scheme is the only one
we will use in these notes.

For a demonstration of the
compactness based argument,
see the proof of local
wellposedness for quasilinear
wave equations in Sogge,
Lectures on non-linear wave
equations.

For more on the Nash-Moser
theorem and applications, see
Alinhac and Gérard,
Pseudo-differential operators
and the Nash-Moser theorem.
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An example of a
finite-dimensional
approximation is in Glimm’s
proof of his namesake existence
theorem. A presentation is
given in Hormander, Lectures
on nonlinear hyperbolic
differential equations.

with initial data u,. The particularity of this scheme is that the proper
choice of scale will render G(0, x, u, Du) = 0 a simple-to-solve equation
(frequently linear). Then provided G is sufficiently “regular”, one
can expect to apply some version of the implicit function theorem to
obtain solutions for all € small.

. Another useful method is that of finite-dimensional approximation.

Instead of proving existence directly for what appears to be an ordi-
nary differential equation on some Banach space, one first exhausts
the Banach space by an increasing sequence of finite dimensional
subspaces. On each of these subspaces, one finds an approximate
equation, which is a bona fide ordinary differential equation on a
finite dimensional space. Then existence and uniqueness on the sub-
spaces follows from Picard’s existence theorem; the difficulty is in
obtaining a uniform time of existence, and demonstrating that one
can suitably interpret these solutions of the approximate equations
as converging to a solution of the original partial differential equa-
tion. When these methods work, they are very amenable to numerical
modeling.

. An alternative to finite-dimensional approximation that is well suited

for “hyperbolic” partial differential equations is frequency trunca-
tion. Recall by Exercise 2.11 that functions with compact frequency
support are real analytic. For hyperbolic partial differential equa-
tions, when the initial data is real analytic one can formally solve the
equation by Taylor expansion; the convergence of this expansion is
known as the Cauchy-Kovalevskaya Theorem. Similar to the case of
the finite dimensional approximation, what is required to show is
that for this sequence of solutions associated to frequency-truncated
initial data, we have uniform time of existence and convergence in a
weaker function space norm. 1

6.14 (Global-in-time results) Similar to the local-in-time case, there are
many different ways to approach the global-in-time problem for nonlinear
equations. Here we describe two classical approaches with broad applica-
tions, using the ordinary differential equation (6.4) as our base model.

1. The first approach is that of conservation laws. Suppose that our

equation (6.4) is Hamiltonian; in particular, suppose for simplicity
that the linear mapping X and the function F are such that

X$Lp, F()Lo.
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Then, returning to the differential form we see that the right hand
side of the equation satisfies

(X +E(P),$p)=0. (6.15)

By extension, then, (¢’,¢) = 0 and hence )(j)| is constant in time.
Now, returning to Theorem 6.5 for local existence, we can argue thus:
Take M to be a constant M > f({)ol. Then our local existence theorem
guarantees a continuous solution ¢ on the interval [0,T]. By our
conservation law, however, ¢(T) also satisfies M > |¢(T)', SO we can
use that as the initial data and solve up to time 2T. By induction our
solution in fact can be extended as a bounded continuous function on
[0, 0), proving global existence.

This method can be further generalized to the case where one doesn’t
necessarily have strict conservation laws, but only some a priori esti-
mates. For example, if we can show that there is a universal constant
C such that for any time T and any solution ¢ : [0, T] — RF of the
equation that the estimate

suPsejo || _
infyefo,r)| ()]

holds, then a similar argument as above will give global existence of
the solutions.

2. The second approach is that of stability. The stability concept we
will describe here is different from the usual stability of ordinary
differential equations. In the set-up of the usual stability discussion,
the equation will satisfy a dissipative condition

(X, p) < —e|¢|”

and a condition that

Vst lo| <o, [Fg) < Selo]

Under these conditions we can show that (¢, ¢ ) < 0 whenever (({)| <9,
and this gives a basin of attraction around the origin, which is then a
stable fixed point of the system.

The dissipative condition however is atypical for dispersive equations:
by virtue of energy conservation and time reversibility, we cannot
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expect such decay. (The dissipation is more typical of parabolic partial
differential equations.) In fact, one typically expects that the linear
evolution satisfies (X ¢, ¢) = 0. In our setup, what we can rely on is
dispersive decay. In the abstract, this is a property of the interaction
between the linear flow and the nonlinearity. Typically this manifests
in a boundedness statement of the form

t

f|e(t_S)XF(¢(s))| <A sup 1<¢>(s)|2 (6.16)

se|0,t
. [0.1]

where A is independent of t. Then returning to (6.4), we see that we
can estimate s
[(0)] < [¢(0)] + A sup [p(z)[".
7€[0,t]
An inequality of this form allows us to prove the bootstrapping in-
equality:

|#(0)] < 55 }
{suprqo,t]|¢<1>|s3|¢<0>) = sup o] <24p0) - (6.17

This inequality states that for all initial data sufficiently small, the
solution can never take values in the annulus with the inner radius
2|qf)(0)| and outer radius 3|4)(0)| Therefore by the continuity of our

solutions, for any initial data )qb0| < (3A)7!, the corresponding solu-

tion can never escape the ball of radius 2|q50| and hence we can apply
our local existence theorem inductively to get global existence.

A major difficulty in this argument, however, is that estimates of the
form (6.16) are typically not true for arbitrary ¢(s), since it depends
on analyzing how the linear flow and the nonlinearity interact. (In
particular, for example, if ¢(s) is chosen such that F(¢(s)) = e*X ¢, for
some 1)y, then the estimate (6.16) cannot hold with uniform A.) And
hiding behind the general statements above is an implicit assumption
that ¢(s) behaves almost like a solution to the homogeneous linear
equation. The argument as a whole is necessarily perturbative.

6.18 Example (Mass conservation in Schrodinger)
To illustrate the conservation law in the context of nonlinear Schrodinger
equations (6.8), suppose the nonlinearity F : C*> — C is such that for every
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z€C, F(z,2)z € R. Then formally if ¢ is a smooth (in both ¢ and x) solution
of the equation that decays suitably fast as |x| — oo, we have that

o =$0.p+pad
= ~iB[ag+ Flg. D)+ i |65 + F(9. )]
- zilm[¢A$—F(¢,$)$]~

~——
eR

In the computation we used that by taking the complex conjugate of (6.8)
that, ¢ must satisfy the equation

~i0:p = 8¢ + F(, ).
Integrating over R? we have that, after integrating by parts,
fma dx = —JV¢-V$dx eR_.
R4 R4
From this we can conclude that “qb(t, o)”L2 is constant in time. [ |

6.19 Exercise (Mass conservation in Schrodinger)

The computation in the above example is only formal, since it assumes that
d;¢ is well-defined and that the equation (6.8) is satisfied in the classical
sense. In this exercise, suppose that ¢ € C([0, T];L?(R)) solves the integral
equation (6.9), and F is such that F((p(t),a(t)) € L3(RY).

1. Prove the identity

(P(1),d()) = (Do, Po) - j((P(S),iP(CP(S)@(S))) ds

0

t
—kawwmav»¢u»dn (6.20)
0

(Hint: You need to use that the solution operator for Schrodinger’s
equation, U(t), acts by isometry on L?.)
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2. Using the identity to argue that if F(z,z)z € R, then H({)”L2 is constant
in time. u

6.21 Remark

In general the assumption that F(¢,¢) € L? will not hold for ¢ € L?, the
typical cases of a nonlinearity will have |F(z,z)| ~ |z|* for some a > 1;
however, an integrated-in-time version of this statement will often still
hold as a consequence of Strichartz estimates, and so a similar identity can
in fact be justified. [

Strichartz estimates with inhomogeneity

One of the things we saw in the discussion of the case of the ordinary differ-
ential equations is that we need to also be able to control the contributions
from the inhomogeneities in (6.8). To this end we revisit the Strichartz
estimates from Corollary 4.82. Observe that the Abstract Strichartz Theo-
rem 4.77 actually gives more information: writing U(t) the solution opera-
tor for the linear Schrodinger equation, the conclusion of the Corollary 4.82,
together with our discussion of the endpoints, actually implies that for

every p € (2, dz__dz) and r = %, the estimates
||U(t)<j)0 Lk S H(POHLZ (6.22)
JU*(t)@(t,o) dt|| < ||©||L:,L§/ (6.23)
R L2

where p’, 1’ are, as already defined many times, the Holder conjugates of
p and r. Now, we can chain together two such estimates with different p
a}rlld r: let po,p1 € (2, dszz) and ry, r; defined correspondingly, we in fact have
that

fU(t)U*(t’)CD(t',-) arll  sloll g (6.24)
R L Ik0 o
Furthermore, in view of (4.81), we also have

t

[vwo@ewaa] <ol . (6.25)
0 Lo L o
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We summarize these computations in the following proposition for solu-
tions of inhomogeneous linear Schrodinger equations.

6.26 PROPOSITION
Let ¢ : [0, T] x R? — C satisfy

i0,p=Ap+F

where F is some function on [0, T] x R4, then for any po,p1 €(2, %) and

19,71 With r; = % we have

o

ooty S (900 Ol agmay + W oyt ey L
For convenience, we record the following technical lemma here:

6.27 LEMMA (ADMISSIBLE POWERS)
Consider the system for ry, r1, po, p1

To r T
K ( 1 ) 1
—=1-—1= —
Po p1 P (6.28)
o 4po
d(po—2)
r 4p,
d(p1-2)

where K, d are parameters.

1. The system has no solutions when K > 1 + %.

2. WhenK =1+ %, for every pg, the system can be solved, with the first
inequality necessarily an equality.

3. When K <1+ %, for every pg, the system can be solved, with the first
inequality necessarily strict.

Furthermore, in the latter two cases, if additionally K > 1, the solution
po and p; can be chosen to lie within the admissible interval for Proposi-
tion 6.26. [ ]
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Proor The relation between r; and p; can be rewritten as

1 _d d
r, 4 2p;
Using that p%:l—piowe get
1 d d dk
—_— = — - — 4 ——
1 4 2 2p0
so that ) .
l-—=14—--=—
" 2 po
Similarly we have
k _kd dk
Ty 4 2p0

From this we conclude that the existence of a solution to the system forces,
by the first inequality, that k <1 + %.
To show the existence of compatible solutions, it suffices to observe

that if pg, p1 € (2, %), we have (po)~!,(p1)7! € (% - %, %). And hence we can

arrange for [1—(p;)~'1/(py)~" to take any value between (1, (% + %)/(% - %)).
The upper bound of this interval is strictly larger than 1 + %. And hence for

any K e (1,1+ %] we can find pg, py satisfying the second expression in the
system, for which our computations above indicate that the corresponding
1o and r; will satisfy the first inequality. O

Examples of wellposedness results

We will concentrate on the case of the semilinear Schrodinger equation
with power nonlinearity. These are the equations

191 = £+ Pi(, P) (6.29)

where Py is a homogeneous polynomial of degree K. (For example, P3(¢, §)
can be written in the form

ayp’ +a1p> P+ arpp® + azp’

where ay,..., a3 are complex constants.) As we will see, the wellposedness
of these equations depends on
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1. the number of spatial dimensions d;
2. the degree of the polynomial K;

3. in which function space are we considering the initial data and the
solution.

Let’s start with local wellposedness.

6.30 THEOREM (L2-LWP FOR SCHRODINGER; SUB-CRITICAL CASE)
Suppose K € (1,1 + %). Then for every M > 0 there exists a T > 0 such that
for every initial data ¢ € L*(R%) with ||¢O||Lz < M, there exists a solution

¢ € C([0, T];LZ(IRd)) to (6.29) (in the sense of (6.9)) satisfying ¢(0) = ¢y. ®

Proor We proceed by Picard iteration using Strichartz estimates.

By Lemma 6.27, there exists pg, p1, 9,1 wWith py,p; € (2, dz—fiz) such that
the system (6.28) can be solved with the first inequality strict. Let X =
C([0, T]; L3(R%))NL"0([0, T]; LP*(R?)), where the T remains to be determined.
Consider the operator

t

Q) = U(t)po + f U()U*(5) B ((s), (5)) ds.

0

It suffices to show that Q is a contraction mapping. First we show that
Q: X — X. By our Strichartz inequality Proposition 6.26 we have that

1]l = max((|Qel| o 2 QW 10 o) < [lboll 2 + [Pk (. %)

r' s .
L
Now, by definition of the inhomogeneity Py, we have
K

’
L ke

|[Px (1, ) <1y

L
Our original choice of pg, p; satisfies (6.28) with the first inequality being
strict, and therefore Kp| = pg and Kr{ <ry. Using that T < co, by Holder’s
inequality we then have that, for some € > 0 depending on p( and p;,

”PK(IP'E) Z()Lpo‘

i S T lw|

This shows that B X
1l = [lpoll . + Tl
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and indeed Q maps X to itself. Furthermore, letting C denote the implicit
constant (which is independent of ¢ or 1, or the choice of T) in the inequal-
ity above, and taking M = 2CM, we see that for T such that TEKCMK-1 < 1
that Q in fact maps the ball of radius M in X to itself.

It remains to prove the contraction mapping property. Let ¢, 9, € X,
both with norm bounded by M. We have that

t

Q1 — Qs = j U(HU*(5) [P (1(5) 1 (5)) - Pe(pa(s), Pa(®)] dx

0

So we also have, as above,

Qw1 = Qua|y < ||Px(1, 1) - Pe(t2, 92)

L
Since Py is a homogeneous polynomial of degree K, we have that
— — K-1 K-1
)PK(¢1,IP1)—PK(¢2;4’2)|$(|4’1) + [] )'|4’1—4’2|-

And Holder’s inequality implies

”PK(IPh’#l = Px(2,1>)

~

7‘1 Lp

(||¢1|»L ot +1l5 )B=l
As before, the choice of pg, p; allows us to write this in the form

Qw1 — Qo] < TEMS ||y — 5|

where the implicit constant is independent of T, ¢, or ¢,. And hence
taking T sufficiently small (compared to structural constants and the value
M) we can guarantee that Q acts as a contraction mapping on the (closed)
ball of radius M in X. This concludes our proof. ]

Observe that as a consequence of our proof, we have that the solution

constructed is such that Pg(¢, ¢) € L:l LP1, while Proposition 6.26 implies
that ¢ € L;'LP! (in addition to being in L;’LP0. This means that we can
interpret the identity (6.20) with the inhomogeneity coming in through the
space-time pairing of L;' LP! with its dual. And in particular, if Px(z,z)z € R
for all z € C, we can conclude that the L? norm of the solution is constant
in time.
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6.32 COROLLARY (SUBCRITICAL L>-GWP BY MASS CONSERVATION)

Let Ke (1,1 + %), and suppose Px is such that Px(z,z)z € R for all z € C.
Then for every ¢ € L?(R%), there exists a solution ¢ € C(R; L%(R%)) to (6.29)
satisfying ¢(0) = ¢,. [
Proor Let M > ||(i)0“L2 By the previous theorem there exists T > 0 de-
pending on M such that a solution exists in C([0, T]; L%(IR%)). Note that for
this solution ”(j) ”L2 < M still, and hence the solution can be extended

to one that exists on the time interval [0,2T]. By time reversibility of the
Schrodinger equation and induction, we can cover the whole of R. m]

Furthermore, note that for both of the above results, the same argument
given for the Picard theorem Theorem 6.5 and Thought 6.6 implies that the
solution is unique, and depends Lipschitz-continuously on the initial data.

Next let us treat the case K =1+ %. The main difference in this case is
that, whereas in the case K < 1+ % we have a time of existence that depends

only on the L? norm of the initial data, here the dependence is more subtle.
(When reading the theorem, pay attention to the order of quantifiers.)

6.33 THEOREM (L2-EXISTENCE FOR SCHRODINGER; CRITICAL CASE)
Suppose K =1+ %. Then for every ¢, € L>(R¥) there exists a T > 0 and a

solution ¢ € C([0, T];L*(R%)) to (6.29) satisfying ¢(0) = ¢q. [ |

Proor We have to set-up and run our iteration slightly dlfferently

By Lemma 6.27, there exists pg, p1, 19,11 With pg,p1 € (2, T 2) such that
the system (6.28) can be solved with the first inequality being an equal-
ity. Define as before ¥ = C([0, T];L*(R%)) N L"0([0, T]; LP*(R¥)) with T to be
determined. This time we consider the operator

t

Qy(t) = J U(U(s)Px (U(s)po + (s), U(s)po + (s)) ds

0

then if ¢ is a fixed point of Q we have U(t)¢g + () is the solution that we
seek.
By our Strichartz inequality we have that

Qv < [|Px(U(e)bo + &, Ulo)do + )

r, s .
L h

Since Py is polynomial, we can bound, analogously to before,

T H (¢)bo

K K
[Pe (U Lo © (2 L01p0’
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where we used the fact that by construction Kr{ = ry and Kp; = py. Now, by
Strichartz we know that ” U(e)po < ”({)OHLZ, so we know that by

L70(IR;LPO (IRY))

taking T small we can make ||U ®)do as small as we want.

)L’O ([0, TJ;LPO(RY))
Therefore examining the bound

K K
ol < c(lveollom + Il
where the constant C depends on the universal constant in Strichartz
estimates (which depend on the dimension d, the powers rg,r(,pg,p1) as
well as the structural constants in the definition of Py, we can first choose €

sufficiently small such that (&)X 1C < % and then T sufficiently small such
that CHU ¢0 Lo([0,T];LPo (RY)) < %60. Then the above inequality implies

that Q maps the ball of radius €q in X to itself.
A similar argument, starting from the fact that

[Qy1 - Qs <
(lute)o

L’OLPo + “1111 L'ULPO + ”lp2 LrOLI’O)”lpl P2 Lorpo’
shows we can choose € small enough, and T small enough, such that Q
acts as a contraction mapping on the ball of radius €( in X, thereby proving

the theorem. m|

6.34 Remark

The fact that we used the Banach fixed-point theorem in the proof guaran-
tees that the solution is unique. However, unlike the previous subcritical
case, we do not have Lipschitz-dependence on the initial data. In fact, from
the proof given here it is not even guaranteed that the time of existence T
depends continuously on ¢ in the L>(IR?) topology! [ ]

small

Observe the only limit on T is in making ||U °)Pg L0((0,T}LP0 (R))
enough to run the contraction mapping argument. One can alternatively

make the norm ”U ®)dg L0 (RLPO (RY)) sufficiently small by imposing a small-
ness condition on ¢g. This 1mp11es the following global theorem:

6.35 THEOREM (CRITICAL SMALL DATA L>-GWP)

Suppose K =1 + %. There exists € > 0 such that for every ¢, € L?>(IRY)

satisfying ||(i)0||L2 < ¢, there exists a solution ¢ € C(R; L%(R%)) to (6.29)
satisfying ¢(0) = ¢y. [
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6.36 Remark
Note that in practice, for K € IN, the case K =1+ % only occurs for K =2
andd=4,orK=3andd=2,orK=5andd=1. ]
6.37 Remark

The global theorem in the critical case, in contrast to the local theorem, is
indeed a wellposedness result. In addition to existence and uniqueness of
the solution, since the space in which the iteration argument is run is fixed
(by the small data limit €) and does not depend on the choice of the data
(which is the case in the local theorem), the same argument as in the case of
the ordinary differential equation case Theorem 6.5 guarantees Lipschitz
dependence on the initial data.

Interestingly, the proof for Theorem 6.35 cannot easily go through
when K <1+ %. The fact that Kr{ < 19, which is useful in allowing us
to use a Holder inequality to exploit the small time interval in the local
wellposedness theorem, turns out to be detrimental in proving any sort of

global existence. [
6.38 Exercise
Prove Theorem 6.35. ]

As mentioned before, the wellposedness results depend on a choice of
Banach spaces. In the previous few theorems we have fixed L?(R?) as the
basic space, but other choices are also possible. One particularly useful one
is that of H(R?). Start again with (6.29), we want to treat it as an evolution
equation in the space H!(IR?). For this purpose we will consider the system
of equations

i8t¢=A¢+PK(¢,§) B
idi(VP) = A(VP) + Qx_1(P, ) - (V, V)

where the second equation is obtained from taking the spatial gradient
of the first one (and hence Qg_; is a vector-valued homogeneous poly-
nomial of degree K — 1 that is obtained by taking the derivative of Px).
Treating @ = (¢, V¢) the vector, we can think of the evolution equation
for ¢ in C([O, T];Hl(]Rd)) as the same as the evolution equation for @ in
C([0, T];L*(R?)).

What we gain from the additional derivative in H' is Sobolev’s inequality:
if we can measure both ¢ and V¢ in the Strichartz norm L"([0, T];LP(R%)),
then Sobolev’s inequality means that we can measure ¢ in the mixed norm

L"([0, T]; L1(R%)) for any g € [p,ddT’;j] when p < d (and similarly for the
appropriate exponents when p > d).

(6.39)
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Now let us examine the second of the equations in (6.39). Define the

mapping
t

Qy(t) = U(t)po + U*(s)Px (1, ) ds
Juo

We have as a consequence

t

VQU(t) = U(1)(Vebo) + f U(HU"(5)Qx-1(,) - (V, V) ds

0

Applying Proposition 6.26 to it, we get the estimate

IVQW [0 00 < [VO2 + Q11 (0 9) - (Vi V)

‘L:{ s (6.40)

As in the proof of the theorems above, we seek to estimate the final term in
(6.40) in terms of the Strichartz norm on the left. Observe that

| Qx-1 () (

’ ’ ~|||l,b|

L 1 LP1

By the Gagliardo-Nirenberg-Sobolev inequality we have that HIPH dpg. <

LTP0 (RY)
”Vv,b“Lpo. So we have that, as long as
1 1 1 1
(K_l).(p_o_g)—‘rp_ozﬂ’ (641)
by Hoélder’s inequality we have
[ 2 e

The relation (6.41) is the replacement of the second line of (6.28) for the
case where we work with H! instead of L.
Similarly, under (6.41) we can also check that

K K
(L | A (L s

Together we conclude that

Qv

owten S 00l 0l (6.42)
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and therefore as long as
Kr|{ <rg

(as in (6.28) also) we can run the argument exactly as in the L? cases. The
solvability of the system of exponents can be summarised in the following
lemma, the analogue of Lemma 6.27.

6.43 LEMMA
The system, for d > 3,

1o ) r
K K-1 ( 1) 1
—_———_— = 1—— :—,
Po d pi) pi
ro = 4po
d(po—2)
4p;
=
' d(pr-2)

can be solved if and only if K <1+ % = %, with equality if and only

if the first line in the system above evaluates to equali‘fiy. When K > 1
additionally, the solution can be chosen with pgy, p; € (2, dsz)‘ [

Putting together the above discussion and emulating the proofs in the
L? case, we obtain the following theorems concerning the solvability of the
initial value problem for (6.29) with initial data in H'(R%).

6.44 THEOREM (H!-LWP FOR SCHRODINGER; SUBCRITICAL CASE )
Suppose K € (1,%), and d > 3. The for every M > 0 there exists T > 0

such that for every initial data ¢ € H'(RY) with “({)OHHl < M, there exists

a solution ¢ € C([0, T]; H!(IR%)) to (6.29) satisfying ¢(0) = ¢. Furthermore,
the solution is unique, and depends Lipschitz-continuously on the initial

data. [ |
6.45 Exercise
Prove Theorem 6.44. [ |
6.46 Exercise

Above we stated Theorem 6.44 only for d > 3. Formulate and prove the
correct, analogous statements for d = 1,2. (Note: when d = 1,2, and p >
2, the Sobolev embedding theorem tells us that WP < L4 for any g €

[p,0).) [

Refs. 6.44-6.47
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6.47 THEOREM (H!-EXISTENCE FOR SCHRODINGER; CRITICAL CASE)
Suppose d >3 and K = % For every ¢ € H'(R?), there exists a T > 0 and

a function ¢ € C([0, T]; H'(R?)) solving (6.29) and satisfying ¢(0) = ¢o. ®

6.48 THEOREM (CRITICAL SMALL DATA H!-GWP)

Suppose d > 3 and K = %. There exists € > 0 such that for every ¢ €

H'(R?) with ”¢0“H1 < ¢, there exists a solution ¢ € C(RR; L?(R%)) to (6.29)
satisfying ¢p(0) = ¢¢. The solution is unique and depends Lipschitz-continuously
on the initial data. u
6.49 Exercise

Prove Theorem 6.47 and Theorem 6.48. [ |

We conclude this tour of the wellposedness results with a discussion

of the global wellposedness of (6.29) in the subcritical case of K € (1, %).

Here the fact that the time of existence T in the local wellposedness Theo-
rem 6.44 depends only on the H! norm of the initial data allows us to hope
for some sort of conservation law argument, similar to Corollary 6.32 in the
L? case. In addition to the conservation of L? norm as discussed in Exam-
ple 6.18, we need the following additional structure on the nonlinearities.

6.50 (Energy conservation; formal computations) Starting with (6.29), we
can multiply the equation with d;¢ to obtain

i[0:0|” = 6pa.D + Pe (9, )0,

Adding to its complex conjugate we have

0= 200+ 200+ Pe(d, §)I: ¢ + Pe(p, §)sb.

Integrating by parts we get

0=- f H[V| + Pe(, B)2i + Pe(ch, )0, d.
R4

Now, if Px(z,Z) dz+Px(z,z) dz is an exact form, we can find some V : C> — C
such that

2 J—
0= _J- 9, [|V¢| N V(¢>,¢>] dx
]Rd
and hence we can conclude that

J|V¢|2+ V(p, §) dx
R4
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is a conserved quantity.

If additionally we have that V takes values only in R, then this con-
servation law would give us a global a priori bound on “(j)(t,o)”Hl by the
initial data, which would allow us to conclude, as a corollary of our local
wellposedness statement Theorem 6.44 that the corresponding solution can
in fact extend globally to a function in C(R; H!(RY)).

It is worth noting that the condition of Px(z,z) dz + Px(z,z) dz being an
exact form is independent of the condition that Px(z,z)z € R, which was
used in L? conservation. To wit: the function (z,z) > 2z + z? satisfy the
latter condition, but

d[(zz+2%) dz+ (:2+7%) dz| = (z-7) dz A dz 2 0.
Similarly, the function (z,z) — 22z + 22 fails the condition for L? conserva-
tion, but the corresponding one form
(222 +2%) dz + (222 +2%) dz = d(2%Z + 2%2)

is exact.
A particular family of nonlinearities that exhibit both conservation laws
is given by

Pe(zz) =z 1z, AeR (6.51)
The corresponding potentials are
V=———"|z["". 6.
et (6.52)
Note that when A < 0 we have that the conserved energy is coercive. 1

6.53 CorOLLARY (H!-GWP; SUBCRITICAL DEFOCUSSING)

Letd > 3 and K € (1,%). Then for every ¢ € HY(R?), there exists a

unique solution ¢ € C(R; H'! (R%)) to the equation

. K-1

i =n¢-|o] ¢
with ¢(0) = ¢y. ]
Proor Noting that 1+ 9+2 = 24 we have that for initial data ¢ € H'(R?),

d-2 — d-2’
both |V(])O|2 and |<j)0|K+1 are integrable, and so the conserved energy is finite
and well-defined, using also the computations in Thought 6.50. Therefore,
by iterating Theorem 6.44 and using time reversibility of the equation, we
obtain a globally existing solution. O
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In the above corollary we used that the conserved energy is coercive
on the H! norm of the solution ¢. The next corollary shows that even in
the case where the conserved energy is not globally coercive, sometimes
one can still exploit some sort of “small data coercivity” to get the desired
result. In the statement a lower bound on the admissible K is given: this
is not too surprising as in the small data regime the higher the power of
the nonlinearity, the smaller the resulting perturbation. Notice however
that the lower endpoint of K =1 + % is precisely where we have small data
global existence using merely the L? theory, and below that the L? theory
give global existence for even large initial data by mass conservation.

6.54 COROLLARY (SMALL DATA H!-GWP; SUBCRITICAL FOCUSSING)

Letd >3andK € (1+§, %) Then there exists € > 0 such that for every ¢ €

H'(RY) with ”(pOHH1 < €, there exists a unique solution ¢ € C(R; H'(R?)) to
the equation

i =np+|gp| P
with $(0) = ¢g. m

Proor Denote by

2
E= [V - 2l ax

R4

the conserved energy for our equation. Note that this quantity is not

generally coercive on the H! norm of ¢. What we will prove, however,

is the small-data coercivity of the conserved energy. Observe that by the
Gagliardo-Nirenberg-Sobolev inequality we have

1-6 0

8ll o < lloll" Vel

where

T2

K+1 2

1 1-6 1 1\ 1
6'(2 d)

9
=

When K € (1 + %,1 + d;fz), we can check that 6 - (K + 1) > 2 as a result. This
implies that for some 7 € (2, K + 1) we have

(1ol ax<olls el
R4
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Now, by assumption the L2 norm of our solution is conserved. So for
||qf>0||L2 sufficiently small, the above computation implies that

1
E2 Vol - 51Vl

Since E is conserved, for initial ||V({)||L2 small, E will remain small for all
time. When E = 0, either HV({)HLZ ~ 0 or ”V(j,')
two regimes are disjoint. So by continuity of H(j)(t)”H1 if the initial data is
such that HV(])H ;2 is small, the same holds for the solution. This established
the a priori boundedness of the H! norm of the solution, and hence by our

2;2 >2-4. Since 7 > 2 the

previous results we obtain global existence of the solution. O
6.55 Exercise

Formulate and prove the analogues of the two above corollaries for the
caseswhend =1, 2. ]

It turns out that the small-data assumption in the final corollary above
is necessary. In fact, for large initial data we can prove that solutions cannot
exist for all time. This final result is based on an argument originally due
to Glassey.

6.56 ProPosITION (GLASSEY’s VIRIAL IDENTITY)
LetK>1+ %, and let ¢ solve

i, = +|p| .

Denote by
2
V(t) = J|x|2(4)| dx;
R4
then
J%V < 8E
where E is the conserved energy. ]
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Proor Directly taking the derivatives we get
0 = [ 09 +99,9) dx
d
i [P (B - o] d
R4
=2i Jx ¢V - V] dx.

R4

Now take another derivative and repeatedly integrate by parts

2V = 2Jx 1B+ FVidy— i VP - pVid,] da

R4
= ZJX (2 V- 2ip,VP]-ddip, +dpicp dx
R4
=2 [ 20 5399 + 297+ [of Vol |
R4

+d [$A¢ + AP+ 2|¢|K+1] dx

K+1

=4 |2 -

[ alval - a1

R4

4d[K -
—8E_ [ J| K+1
K+1
The final term is signed whenK21+H. O

6.57 THEOREM

Let K> 1+ %, and suppose ¢, € F(IR?) is such that the corresponding
energy

K+1

Elgo] = f|w>0| - o]
Then there does not exist any global-in-time solution to

i =ap+|g| ¢
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Ref. 6.58

with initial data ¢(0) = ¢,. [ |

Proor Consider the quantity V(t). By conservation of energy and the
Virial identity we have that VV” < 8E < 0. Assume for contradiction that a
global-in-time solution exists. Then for some positive time T; we have that
V(Tp) < 0 by concavity. But by definition V is manifestly non-negative. O

6.58 Remark
The assumption of the blow-up theorem is non-empty. Observe that for
any non-trivial initial data ¢, we have

2

E[Ado] = A2[[Vebo|7, — AK*!

So taking A " +oc0 we can certainly find large initial data such that the
corresponding energy is negative. [ |
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